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For amplifying the voltage difference between two points neither at earth potential (in which 
case the difference to be amplified may be much smaller than the potentials to earth), increasing use 
is made of amplifiers specially developed for this purpose. Here, and in a subsequent article, 
consideration will be given to the problems involved in the design of such “difference ampli- 
fiers”. The present article deals with general principles. Various fields of application are men- 
tioned and the requirements to be met by these amplifiers are examined. 


A problem often encountered in electrical measur- 
ing techniques is to measure a voltage between two 
points both of which have potentials with respect 
to earth which are large compared with the voltage 
between them. This potential difference, as well as 
the potential common to both points, may be a DC 
or an AC voltage, or a combination of both. 

In some cases it is a fairly simple matter to carry 
out such a measurement. In order, for example, to 
measure the potential difference Ex of points a and 
b in fig. 1, it is often possible, even where the voltage 
Es is high, simply to use a voltmeter V as shown, 
provided it is sufficiently insulated to prevent EK, 
influencing the deflection; there are simple and ob- 
vious ways of verifying whether this is so. 

The situation becomes more complicated when 
an amplifier has to be used. In many cases one of 
the two input terminals of such an amplifier is 
earthed, and it will be evident that this cannot then 
be used for measurements of the kind referred to. 
One might consider separately measuring the po- 
tentials of points a and b with respect to earth and 
then finding Ex from the difference between them. 
If Ex, is small compared with E,, however, the result 
of the measurement would be far from accurate — 
this is after all a typical drawback of difference 


measurements 1). 


1) In the case of alternating voltages — assuming that KE, 
and E, have the same frequency, otherwise such a measure- 
ment would not be possible — it would also be necessary 
to determine any phase difference existing between the 
two voltages to be measured, which would be an additional 
complication and make the result even more inaccurate. 
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Fig. 1. With a floating voltmeter V the voltage Ex between 
points a and b can be measured irrespective of a voltage E, 
with respect to earth. 


Even with an amplifier neither of whose input 
terminals is earthed (e.g. a balanced amplifier), 
difficulties are still encountered owing to unavoid- 
able imperfections in symmetry, for only in an ideal- 
ly balanced amplifier will a voltage E; on both 
input terminals i and 1’ (see fig. 2) not give rise to 
a voltage between the output terminals u and u’. 
If a non-ideal amplifier is used to amplify and meas- 
ure the potential difference Ex between i and 1’ 


i) 


4538 


Fig. 2. Difference amplifier Ay with a common voltage E, on 
the input terminals i and i’. If the amplifier is perfectly bal- 
anced, no voltage then appears between the output terminals 
u and wu’. 
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(see fig. 3), an external voltage EK; may make a 
spurious contribution to the result. 

Where the frequency of Ey differs from that of the 
external voltage E;,, filters can be used to eliminate 
the influence of Es on the output signal. This is not 
always possible, however, due to partial or entire 
overlapping of the frequency spectra of Ex and Es. 

The growing importance of measurements of 
this kind has led to the design of special amplifiers 
for amplifying the potential difference of two points 
which have a common potential to earth. The prop- 
erties and applications of such “difference ampli- 
fiers”’ will be the subject of this article. To illustrate 
their importance, we shall first briefly consider 
various cases in which small potential differences 
have to be amplified and sometimes measured. 


=> 4539 


Fig. 3. Difference amplifier 4, for measuring the voltage Ex 
between the input terminals when a common voltage E, is 
present. 


Applications of difference amplifiers 
Medical uses 


In _ electrocardiography and encephalography, 
electrical potentials between two points on the 
human body are recorded and sometimes measured. 
In electrocardiography two points are chosen, for 
example one on each arm, between which the action 
of the heart muscle produces a varying voltage of at 
the most a few millivolts. To record the voltage 
generated by cerebral activity (encephalography), 
two electrodes are applied to the skull. Provided the 
electrodes are properly positioned, a varying voltage 
is produced between them of the order of some tens 
of microvolts. The variation of these voltages with 
time can tell the physician a great deal about the 
presence or absence of certain cardiac or cerebral 
disorders. 

One of the major difficulties in recording such 
oscillograms is the interference due to leads carrying 
the current for lamps, amplifiers, etc. This consists 
of an induced alternating voltage between the body 
of the patient and earth which is usually many times 
higher than the potential difference to be recorded 
between the two electrodes. To minimize this inter- 
ference, the patient is earthed, usually by a conduc- 
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tor attached to one leg (fig. 4). Owing to the fairly 
high resistance of the human skin, the earthing is 
never perfect, and it is therefore not possible in this 
way to prevent induction from electrical leads giving 
rise to spurious potentials on the body ’). 


Fig. 4. Illustrating the use of a difference amplifier Ay in elec- 
trocardiography. The input terminals are connected to the 
arms of the patient, one of whose legs is earthed. 


One way of reducing these undesired voltages 
would of course be to keep all electrical leads out 
of the vicinity of the patient and the measuring 
equipment, but this is obviously no easy proposition. 
It is simpler to use a difference amplifier, which 
amplifies only the potential difference between the 
two points and does not respond to a voltage to 
earth common to both points *). 


Technical applications 


In electronic engineering the need often arises to 
measure, amplify or record the voltage between two 
points neither of which is at earth potential. We 
shall briefly consider some typical cases. 

Our first example is the measurement of the volt- 
age between the grid and cathode of a valve in 
which neither electrode is earthed, e.g. a valve in a 
grounded-anode arrangement. A valve circuited in 
this way is often used as a cathode follower ( fig. 5). 
Here the alternating voltage between cathode and 


+ 


= > 4541 


Fig. 5. Simplified circuit of a cathode follower. In the ideal 
case, points a and b have the same alternating potential with 
respect to earth. How closely this ideal is approached can be 
ascertained with the aid of a difference amplifier. 


2) Spurious voltages, due to induction, can also arise between 
parts of the body, e.g. between the arms. These are much 
smaller, however, owing to the low resistance of the inte- 
rior of the human body. 

°) The use of difference amplifiers for a special form of elec- 
trocardiography, namely vector-cardiography, has already 
been described in this journal: G.C.E. Burger and G 
Klein, Philips tech. Rev. 21, 24-37, 1959/60 (No. 1). 


1960/61, No. 11 


earth is virtually identical with that between erid 
and earth. In the ideal case, no alternating voltage 
at all will be present between these two electrodes. 
To see how far the circuit approaches the ideal, one 
can try to measure the alternating voltage between 
points a and 6. Since this voltage is always small 
compared with the potential of a and b with respect 
to earth, the use of a difference amplifier is called for. 

A difference amplifier is also needed where a small 
voltage is to be measured at a position that can 
only be reached by long leads. One example is the 
measurement of temperature with the aid of a ther- 
mocouple at an inaccessible site. The thermocouple 
is then connected by a fairly long twin-cable to the 
measuring instrument or amplifier (fig. 6). These 
conductors almost invariably pick up interfering 
voltages *), which are again often many times larger 


4542 


Fig. 6. Thermocouple Th, connected by a long twin-cable to 
the input terminals i and 7’ of a difference amplifier A,. 


than the voltage to be measured. If the two con- 
ductors are close enough together, the interfering 
voltage will be in phase at the two input terminals 
of the amplifier. Here too, a difference amplifier 
makes it possible to amplify and measure the po- 
tential difference between the wires, even though 
the induced spurious voltages may be relatively high. 

Another very useful application of a difference 
amplifier is to be found in measurements using bridge 
circuits. A circuit of this kind is shown in fig. 7. 
The voltage source is connected between points a 


Fig. 7. Bridge circuit, consisting of impedances Ze Ln Zand 
Z,. S voltage source. M detecting instrument. 


4) These interfering voltages can be caused by induction, 
and also if the thermocouple and the amplifier are taken 
to earths at different places: a certain voltage often exists 
between “earth” at different places. Contact between the 
thermocouple and earth may be unavoidable if the tem- 
perature in a furnace is to be measured, since various in- 
sulating materials become conducting at high temperatures. 
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and. b, the measuring instrument between c and d. 
During a measurement, then, the voltage source and 
the measuring instrument cannot both be earthed. 
If one of the instrument terminals is connected to 
earth, for example terminal d, neither of the ter- 
minals a and 6 must be earthed. This can adversely 
affect the accuracy of the measurement, in that the 
capacitances of the two output terminals of the 
“floating’’ voltage source with respect to earth are 
then in parallel with the impedances Z, and Z,. 
Particularly at higher frequencies this may give 
rise to considerable errors °). The difficulty is avoided 
if one of the voltage-source terminals, for example 
b, is earthed. In that case, however, the voltage be- 
tween c and d must be measured with an unearthed 
instrument. If the bridge is nearly balanced, the 
voltage between the latter two points is small 
compared with their voltage with respect to earth. 
A difference amplifier is then the ideal means of 
determining the voltage between c and d. 
Difference amplifiers are also frequently used for 
precision measurements on electronic equipment. As 
an example we mention a method of measuring 
with a high degree of accuracy the distortion of an 
amplifier. A signal EF; is applied to the amplifier 
input (see fig. 8) and from the output Ey a voltage 


= = — 4544 


Fig. 8. Schematic representation of a method for measuring 
the distortion in an amplifier A, using a difference amplifier Ay. 


Ey’, which is made equal to Ej, is tapped by means 
of a voltage divider. The equalization is only exact 
provided there is no distortion in the amplifier. If 
distortion is present, then Ej; and Ey’ can only be 
equalized in respect of the fundamental frequency. 
(We shall not be concerned here with the phase 
shift in the amplifier.) The voltage between termi- 
nals i and z then consists solely of higher harmonics 
due to distortion in the amplifier. Measurement 


5) A method described by K. W. Wagner for avoiding these 
errors, the so-called Wagner earth, is in many measure- 
ments unsuitable because of the complication it involves. 
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of the voltage difference between i and 2 is now a 
means of very accurately determining the distor- 
tion, for it consists in measuring the higher har- 
monics without the fundamental component of 
the output voltage, which is always much larger. 
For measuring the small potential difference of 
points i and z a difference amplifier is again a useful 
tool. 

In a similar way the frequency response of an 
amplifier (amplification as a function of frequency) 
can also be measured with considerable accuracy, 
and it is possible by a method based on the same 
principle to measure the phase shift between the 
input and output voltages of an amplifier. 

We shall now conclude this survey of the possible 
applications of difference amplifiers, but a few 
others will be dealt with in a subsequent article, 
which will describe a number of circuits used for 
these amplifiers. 


Characteristics of a difference amplifier 


The simplest form of a difference amplifier is a 
normal balanced amplifier, and we shall take this 
as our starting point. For simplicity we assume 
first of all that an amplifier of this kind consists of 
two separate and perfectly identical parts. In fig. 9 
these are denoted by A and A’. The input and output 
terminals are respectively 1-i’ and u-u’. The volt- 


Fig. 9. Block diagram of a balanced amplifier consisting of two 
identical and independently operating parts, A and A’. 
ages between these terminals and earth are Ej, 
Ej’, Ey and E,’. If Ej and E;’ are equal, so too are 
Ey and Ey’. There is then no voltage present be- 
tween terminals u and u’. If E; and Ej’ are equal 
and opposite, the same will apply to Ey and E,’. 
The average value of these two voltages is then zero. 

If E; and Ej’ have arbitrary values, each of these 
voltages can be regarded as consisting of two com- 
ponents, the first components of both voltages being 
equal to one another, and the second components 
equal in magnitude but opposite in sign. If these 
components be Ki¢ and Ej, respectively, then 
between Eji¢ and Ej, and the input voltages E; 
and Ej’ there exist by definition the following re- 
lations: 
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Ei = Eig + Ex, | bok gil 
Ey = hip ee) ee 
whence 
Eig = (Kj ah Ej’), / eee (2) 
Eit = (Kj a E;’). ) 


In fig. 10, where Ay again denotes a difference am- 
plifier, the two input voltages are shown together 
with their components obtained as described. 


AF 
Ei 
Ej Ey 
- £FwxT 


Let 


Fig. 10. Difference amplifier Ay, with input voltages Ej 
and E;’, and output voltages E,, and E,’. Also indicated are 
the in-phase components Fig and Eye and the anti-phase 
components Fi, and Ey: of these voltages. 


If FE; and EF,’ are alternating voltages, it can be 
said that Ki¢ is in phase on the two input terminals, 
and KH, in anti-phase. In the same way the output 
voltages, Hy and Ey’, can each be resolved into a 
component Eyp and a component Ey; or —Eyt- 
At the output terminals the component Ey¢ is in 
phase, and the component EF, in anti-phase. In the 
following we shall therefore refer for convenience to 
the in-phase component and. anti-phase component 
of the input and output voltages, irrespective of 
whether we are concerned with AC or DC amplifiers. 

It can be useful to formulate the second equation 
(2) as follows: the anti-phase component of the input 
voltages is equal to half the voltage difference across 
the input terminals that is to be amplified. 

It is easily seen that, in a difference amplifier 
consisting of a combination of two perfectly identical 
parts, the anti-phase component Ej, of the input 
voltages will give rise only to an anti-phase compo- 
nent Ey, in the output voltages, whilst the in-phase 
component Ki¢ will cause only an in-phase component 
Eur. Since, however, the two amplifier sections are 
never in fact perfectly identical, the ideal situation 
is not achieved, and a pure in-phase signal at the 
input gives rise on the output terminals to a com- 
bination of two voltages containing an anti-phase 
component as well as an in-phase component. Like- 
wise, a pure anti-phase signal on the input termi- 
nals will give rise both to an anti-phase and an in- 
phase component at the output. If we apply to 
the input a combination of two voltages contain- 
ing both an in-phase component Ej¢ and an anti- 
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phase component E;,, the two components of the 
output voltages are given by the following equa- 
tions: 
Eu; = A Ei, + B Eig, | 3 
Pe Crem, ~~~ 2) 


The extent to which a difference amplifier serves 
its purpose can now be expressed by three factors: 
the rejection factor °) H, the discrimination factor F, 
and a third factor G, which is less important and 
therefore nameless. These three factors are related to 
A, B, C and D in eq. (3) in accordance with the 


following definitions: 


A ‘ 
Le eee 
B 
= 4 
= Py (1) 
A 
Cea. 
D / 


Confining ourselves for the time being to H and F, 
we can express their significance in the following 
terms. The rejection factor H is equal to the ratio 
between an in-phase voltage and an anti-phase 
voltage that have to be applied to the input in order 
to produce the same anti-phase voltage at the 
output. The discrimination factor F' is the ratio 
between the amplifications undergone by a pure 
anti-phase signal and a pure in-phase signal. As 
appears from the role of A and C in eq. (3), the 
amplification A refers to the ratio of the anti-phase 
output signal to the anti-phase input signal, and 
the amplification C to the ratio of the in-phase 
output signal to the in-phase input signal. 


Required values of rejection factor and discrimina- 
tion factor 


It will be clear from the above that B = 0 in the 
case of an ideal difference amplifier, giving an in- 
finitely large rejection factor H. The wave form Fy, 
is then an undistorted amplified version of Fix, 
and is not affected by the presence of an in-phase 
voltage Ej¢ at the input (eq. (3)). In reality a finite 
rejection factor is acceptable; the requirements it 
must meet depend on the purpose for which the 
amplifier is to be used, and on the conditions under 
which the amplifier is to operate. Of particular 
importance is the magnitude of the undesired in- 
phase signal at the input — which is after all the 
reason why a normal amplifier cannot be used — or, 


6) This factor was used in the article cited under °). In the 
literature it is also called the common-mode rejection, trans- 
mission factor, rejection ratio or antiphase/in-phase ratio. 
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to be more exact, the ratio of this signal to the anti- 
phase signal which is to be amplified. 

To give some idea of the required magnitude of H 
in a specific case, we shall again turn to applications 
in the medical field. The body of a patient, even 
when it is well-connected conductively to earth, is 
often found to have an alternating voltage of about 
10 mV with respect to earth. The voltage produced 
between two points on the surface of the body by 
the action of the heart muscle is of the order of mag- 
nitude of 1 mV. Now if the aim is that the anti-phase 
signal at the output end of the difference amplifier 
used should not be falsified by more than one per 
cent by the in-phase signal at the input, the absolute 
value of the rejection factor will have to be at least 
1000 ”). 

In encephalography the voltages recorded are at 
least ten times smaller than in cardiography, al- 
though the spurious in-phase voltage is just as large. 
Higher demands are therefore made on the rejec- 
tion factor of a difference amplifier in encephalog- 
raphy, and the minimum absolute value required 
is usually 10000. 

Apart from the requirement that the waveform 
Ey, should be identical to Ej,, it is in general also 
required of a difference amplifier that the in-phase 
component should be less dominant in the output 
signal than in the input signal. This implies that 
the in-phase component should undergo less ampli- 
fication than the anti-phase component, in other 
words, the discrimination factor F' must be greater 
than unity *). How much greater depends on the 
circumstances, but it may be noted here, anticipat- 
ing the last section of this article, that a reasonably 
large value of F is particularly important in the 
first stage of an amplifier. If the in-phase compo- 
nent is only slightly amplified in this stage, the 
input signals of the second stage will contain only a 
small in-phase component, which means that rela- 
tively lower demands can be made on the rejection 
factor of this stage. The design of this and successive 
stages can thus be considerably simplified °). 

If the first stage is designed with a large enough 
discrimination factor F' — the circuitry will be 


7) There is little point in a higher value of H, because the anti- 
phase signal at the input terminals already contains a 
spurious component due to induction between the positions / 
of measurement. 

8) F might be equal to unity if the two identical parts of the 
amplifier in fig. 9 were entirely independent in their opera- 
tion: A = C and B = 0, D = 0. This shows that the con- 
dition H= oo, although necessary, is not sufficient for 
obtaining an ideal difference amplifier. 

®) There is a certain analogy in this respect with the question 
of the noise level in receivers and amplifiers. Here, too, the 
noise of the first stage usually governs the noise level of 
the whole apparatus. 
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described in a subsequent article — the circuit of 
the second stage can be kept quite simple: the in- 
phase signal at the input of the second stage is then 
so attenuated with respect to the anti-phase signal 
that it is sufficient for this stage to have a rejection 
factor of H > 100, a requirement that can be met 
by fairly simple means. 

After these comments on the factors H and F, 
we need only say a few words about the third factor, 
G = A/D (eq. (3)). This expresses the ratio between 
the anti-phase and the in-phase signals produced 
at the output as a result of the same anti-phase 
signal at the input. The fact that D is not zero (G 
is not infinite) has no influence at all on the magni- 
tude of the required anti-phase signal at the output. 
It is therefore reasonable to suppose that the factor 
G is of much less importance to the evaluation of a 
difference amplifier than the factors H and F. 
Closer analysis shows that G does have some in- 
fluence on the resultant values of H and F in a 
difference amplifier consisting of several stages (see 
next section). In this respect too, however, the effect 
of G is found to be of minor significance at the normal 
values of H and F for the individual stages. 

It should finally be pointed out that the above- 
mentioned requirements for H and F are intended 
as the minimum requirements to be met by a dif- 
ference amplifier if it is to serve its purpose. These 
requirements have to be satisfied under the most 
unfavourable conditions as regards the symmetry 
of the two sections of the amplifier. If tubes or other 
components are replaced, or if the temperature 
varies, both H and F will usually be affected. By 
means of a manually operated volume control on 
one or both sections of the amplifier, it is possible 
in most cases to adjust the symmetry with a very 
high degree of accuracy, and thus to achieve high 
values of H and F. As a rule, however, H and F 
are required to remain above the minimum per- 
missible value without any adjustment. In the de- 
sign of a difference amplifier it is therefore neces- 
sary to calculate values for the rejection and dis- 
crimination factors that will meet the contingency 
where all conditions that can influence them are 
adversely operative, so that their effects on H 
and F' are not compensatory. Only then can specific 
minimum values be guaranteed. The actual rejec- 
tion and discrimination factors willin practice almost 
invariably be much greater. 


Rejection factor and discrimination factor of a 
multi-stage amplifier 


We shall now express the characteristics of a two- 
stage difference amplifier in terms of the factors H, 
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F and G of each stage separately. For the first and 
second stage we use, respectively, the subscripts if 
and 2, and we start from equations (3) written in 


the form: 


A| 
Eat = A Ein + a bie, | 


. (3a) 
A A 
= Eig 4 Fix \ 


We assume that an anti-phase signal Ej, and an 
in-phase signal Eig are present at the input end of 
the amplifier. If the anti-phase gain of the first 
stage is A,, the anti-phase signal appearing at the 
output of this stage is given by: 


A 
AE + a7 Est. aie top) 


if 


The in-phase signal at that point is 


A, A, 

F, ifn é, it (6) 
Both these signals are applied to the second stage. 
The anti-phase gain of this stage being A,, the 
anti-phase signal at the output of the second stage 
is found by simple calculation to be: 


Fut = A, A, (1 a Ej 
+ A,A ( z -. u E Tl 
12 Hi nay ip coe ) 


The in-phase signal at the output terminals is simi- 
larly found to be: 


1 1 
Hees | )E 
f 1 lee | ie if 4 
+ A,Aa( : as 8 
1 epee ito) nO) 


From (7) we find the total gain for anti-phase sig- 
nals: 


1 
Piers (1 : ea. 
tot ie a (9) 


and again using (7) we arrive at the rejection factor 
Ho, of the two-stage amplifier: 


1 
Leet 
C,H. 
Hot Sy er (10) 
toe 


FA, 
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From (7) and (8) we obtain for the discrimination 
factor Fyo;: 


] 
eae 
C,H. 
Prot = HG, eae ae 

i aes 


FP, 


(11) 


Finally, from (7) and (8) we can also derive a quan- 
tity Giot, which determines the degree to which an 
in-phase output signal arises from an anti-phase 


input signal. We find: 


1 
G,H, 
Cy 


Le 
Grot = GC, 


eae ae 2) 


f 

"GF, 
It is important to note that H, F and G may be 
either positive or negative. Where the amplifier 
consists of a single stage, the sign of these quantities 
is generally of no importance. Where the amplifier 
consists of two stages, there is a possibility that, 
owing to different signs of H, and H,, for example, 
the quantity Hijo, will assume a very high absolute 
value, although the absolute values of H, and H, 
are fairly small. A large rejection factor obtained in 
this way can never be guaranteed, however. In order 
to calculate the magnitudes of Hyoz, Froe and Gtot 
for the most adverse circumstances, we must assume 
that all factors are operative in the same (unfavour- 
able) direction. 

Formulae (9) to (12) may be written to a good 
approximation in a simpler form. Since, in all cases 
likely to be encountered in practice, G,H, is large 
compared with unity (e.g. G;=10 and H, = 100), 
we can neglect 1/G,H, with respect to unity, and so 
write the above formulae as follows: 


Atot = 4142,» (9a) 

i — A j 9 fy ee (10a) 
Ayo, A, FA, 

- — i : : 9 Hoo a0 (11a) 
Fryor H,G, FF; 

: oe ih we oe a) 


Gr Car < C; 


It follows from (10a) that both H, and the prod- 
uct FH, must be large in order to make the value 
of Hio, that can be guaranteed large. (It is true 
that a large value of Hyo, is obtained if H, and FH, 


are opposite in sign; however, such high values can- 
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not be guaranteed since H, and FH, are completely 
random in sign.) The first aim will therefore be to 
give the first stage the highest possible rejection 
factor. In the circuits to be described (in a subse- 
quent article) FH, is large compared with H,, 
even when a simple circuit is used for the secondstage. 
As a result, 1/ FH, is usually small compared with 
1/H, and Ho, is roughly equal to H,. The guaran- 
teed value of the rejection factor of a two-stage 
difference amplifier is therefore, as we have already 
shown qualitatively, in most cases determined by 
the guaranteed rejection factor of the first stage. 

From equation (lla) another important conclu- 
sion can be drawn. This equation may be re-written 
in the form: 


1 1 e i, 
Be, eC Pree 


Even if the circuit of the second stage is very simple, 
the terms between brackets still usually add up to less 
than unity. We see, then, that the discrimination 
factor Fo, of the whole two-stage amplifier is 
greater than the rejection factor H, of the first stage, 
and hence greater than Hj ,. This is always suffi- 
cient to make fairly small rejection factors accept- 
able for a third stage and any other following stages. 

The quantity Gio, where F, is sufficiently large, 
appears from (12a) to be roughly equal to G,. For 
the same reasons mentioned in connection with the 
single-stage difference amplifier, no particular at- 
tention need in general be paid to this factor. 
(Gtot is significant where an exceptionally large 
ratio between anti-phase and in-phase signals is 
required at the output terminals.) The problem of 
building a good difference amplifier, which amplifies 
the anti-phase signal at the input terminals without 
being appreciably influenced by an interfering in- 
phase signal, can therefore be reduced, as we have 
seen, to the appropriate design of the first stage. 

Circuits that can be used to meet the high re- 
quirements for the first stage will be described in a 
second article to be published shortly. 


Summary. After a reference to various medical and techno- 
logical applications of difference amplifiers, the requirements 
to be met by such amplifiers are dealt with in some detail. A 
definition is given of the rejection factor and the discrimination 
factor, which describe the most important characteristics of 
these amplifiers. For a two-stage amplifier these factors are 
calculated from those of the two stages separately. It is shown 
that the requirements to be met by a good difference amplifier 
are satisfied if the first stage is given a high rejection factor 
and a high discrimination factor. This makes it possible to use 
fairly simple circuits for the subsequent stages. Circuits for 
difference amplifiers will be dealt with in a forthcoming article. 
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FM RECEPTION UNDER CONDITIONS OF STRONG INTERFERENCE 


by J. van SLOOTEN. 


621.396.621 :621.376.3 :621.391.82 


The effects observed in the reception of frequency-modulated signals under conditions of strong 


interference are capable of exact analysis. However, the mathematical difficulties involved, 
although not insurmountable, make the theory difficult to grasp. In the article below, the 
problem is approached with the aid of simple expressions which, though not new, are seldom 
employed. The result is a relatively simple formula which satisfactorily describes the effects 


concerned. 


In the last ten years there has been a marked 
increase in the use of frequency modulation (FM). 
Most countries now have networks of FM broad- 
cast transmitters, which are steadily being expanded. 
Many countries, too, use frequency modulation for 
the sound channel in television broadcasts. A third 
important application is found in the transmission 
of large numbers of telephone conversations by means 
of radio links or coaxial cables. 

Frequency modulation calls for a much greater 
bandwidth than amplitude modulation (AM). In 
the applications mentioned, this requirement is not 
an overriding objection, and moreover the signal- 
to-noise ratio in reception is as a rule favourable. 
Because of the large bandwidth in these applica- 
tions, full profit can be derived from the typical 
advantage of frequency modulation, which is that 
it minimizes the nuisance experienced from inter- 
ference. 

There are other instances, however, where a large 
bandwidth is not readily possible and where the 
interference at the receiving end will often be re- 
latively heavy. Transceiver communications are 
a case in point. The growing number of mobile 
transmitters makes it desirable to limit their band- 
width and power as much as possible. In such cases, 
FM has a serious rival in AM, particularly in single- 
sideband AM transmissions. 

After the publication in 1936 of Armstrong’s 
method of frequency moduation '), there was at 
first some uncertainty regarding the extent to which 
FM was superior to AM in the improvement of 
noise conditions in reception. The first theoretical 
treatments yielded exact results, but were too 
complicated to overcome existing prejudices. In 
the long run the same results were arrived at by 


1) KE. H. Armstrong, A method of reducing disturbances in 
radio signalling by a system of frequency modulation, Proc. 
Inst. Radio Engrs. 24, 689-740, 1936. 


simpler theories 2), but they still had the drawback 
of being valid only in the case of relatively weak 
interference. In the interesting region of transition 
to relatively strong interference, where it is doubt- 
ful whether FM is superior to AM, they yield results 
which are too heavily weighted in favour of FM, 
and which are belied by measurements. Later, 
exact theories were evolved for this region too *)*), 
but their mathematical intricacy was a bar to a 
clear understanding of the effects. An attempt to 
obtain exact results by a more straightforward 
approach °) was not entirely successful. 

In the following we approach the case of rela- 
tively noisy FM reception by a theoretical method 
which, without pretending to be entirely exact, 
leads to a satisfactory picture both qualitatively and 
quantitatively. The method is so general that its 
results are applicable not only to a simple LC 
circuit (to which we shall confine ourselves here), 
but equally well to more complicated networks, 
provided a numerical correction factor is introduced. 
In conjunction with the elementary theory for weak 
interference *), this approach leads to a general 
formula which, applicable to both weak and strong 
interference, is in reasonable agreement with known 
results of measurements as well as with exact 
calculations. 

Some of the ground covered in the two articles on 
frequency modulation by Weijers, published in this 
journal a good many years ago ”)*), will have to 
be retraced here for the purpose of the present 
discussion. 


*) T. J. Weijers, Comparison of frequency modulation and 
amplitude modulation, Philips tech. Rev. 8, 89-96, 1946. 

*) F. L. H. M. Stumpers, Theory of frequency modulation 
noise, Proc. Inst. Radio Engrs. 36, 1081-1092, 1948. 

*) D. Middleton, On theoretical signal-to-noise ratios in f-m 
receivers, J. appl. Phys. 20, 334-351, 1949. 

°) J. Cohn, A new approach to FM threshold reception, Proc. 
Nat. Electronic Conf. XII, 211-236, 1956. 

°) T. J. Weijers, Frequency modulation, Philips tech. Rev. 
8, 42-50, 1946. 
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The sum of two oscillations modulated in frequency 


A frequency-modulated oscillation v may be re- 
presented as a function of time t by the expression: 


(1) 


where V is the amplitude, w, the central angular 
frequency of v, m the maximum phase deviation 
(in radians) with respect to the unmodulated signal, 
and q the angular frequency with which the phase 
or the frequency is modulated (for the sake of con- 
venience we shall use simply “frequency” for 
“angular frequency”). The quantity m is usually 
called the modulation index. 

The instantaneous frequency w is defined as the 
time derivative of the argument of the cosine func- 
tion in (1): 


v = V cos (wot + msin qt), 


d 
cane (@ot + m sin gt) = wy + mq cos qt. (2) 


The maximum value that the frequency deviation 
can have, which we shall call the frequency excur- 
sion (half the frequency swing), is given by: 


Aw = ®max— Wy = mg. 


(3) 
This relation — frequency excursion equal to the 
product of modulation index and modulation fre- 
quency — will be referred to frequently in the follow- 
ing pages. 

As an introduction to general interference theory, 
we shall first consider the case where a frequency- 
modulated signal (1) is disturbed by a weaker 
signal of constant amplitude Vs << V. We assume 
that the frequency of this disturbing signal also 
varies, but remains within the frequency band. to 
which the receiver is tuned for optimum reception 
of the desired signal. 

Fig. 1 represents the vector V (modulus V) of 
the desired signal. We imagine this vector to be 
rotating at the varying angular velocity w given 
by (2). The disturbing signal is represented by a 
second vector, Vs (modulus V;), which rotates in 
relation to V at an angular velocity equal to the 
instantaneous frequency difference w; — w between 
the two signals. It can be seen from the figure that 
the maximum phase deviation a, shown by the sum 
of the two signals in relation to the undisturbed 
signal, is always smaller than $2 (} period), since 
sin ag = V,/V < 1. The larger the phase deviation 
due to the modulation — this deviation being m — 
the less significant and hence the less troublesome 
will be the phase deviation attributable to the dis- 
turbance. It is immediately evident, then, that the 
nuisance of interference in FM can be reduced 
by increasing the frequency excursion. For this 
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reason the excursion at the highest modulation 
frequency q, is chosen many times larger than qy. 

It is readily inferred from (3) that at a given Aw, 
the disturbance will be minimum at the lowest 
modulation frequencies, where m is largest. It fol- 
lows from this that the disturbing voltage in the 
signal obtained after detection will increase in pro- 
portion with the audio frequency. This phenome- 
non is known as the “triangular noise spectrum” 
of the detected signal. (The noise power per unit 
bandwidth is then proportional to the square of 
the audio frequency.) 


O 3134 


Fig. 1. The vector V, rotating about O at a varying angular 
velocity w, represents the frequency-modulated signal to be 
received; the vector V; represents an interfering frequency- 
modulated signal (V; < V). The sum of V and V, shows in 
relation to V a maximum phase deviation as, which remains 
smaller than } period ($2). 


FM compared with single-sideband AM, in condi- 


tions of weak interference 


By (A4@)max we denote the maximum frequency 
excursion used in FM. The width of the radio spec- 
trum is approximately 2(4@)max in FM °), and qa 
in AM for single-sideband transmission. The ratio 
between these two bandwidths is cailed k: 


ih this 
da 
In order to compare these two systems with one 
another in regard to their freedom from inter- 
ference, we write further: 


2 signal power 


a= (4) 


Both powers are taken at the input of the receiver, 


average noise power within frequency band qa’ 


where the ratio of the signal power to the total 
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noise power is thus equal to y?/k. The quantity y 
will be referred to as the “normalized signal-to-noise 
ratio” at the input. 

From the power ratio y”? at the receiver input 
we must now proceed to the power ratio (S/N)? 
at the output of the detector, S being the signal 
voltage and N the noise voltage there. In the case of 
FM under weak interference we find (S/N)? by means 
of a simple integration over the above-mentioned 
triangular noise spectrum ”): 


FM under weak interference: 
(SEN) heey? Reha er me OD) 


In the case of AM, the signal-to-noise ratio after 
detection is the same as before detection, and there- 
fore, for strong as well as weak interference, we 
may write: 


AM with single-sideband transmission: 
(Foy MG aa a a eee ey (EG) 


The extent to which FM gains over AM with single- 
sideband transmission under conditions of weak 
interference is thus given by the factor 3k?. One 
might be inclined to conclude from this that k — 
that is the width of the FM spectrum — should be 
made as large as possible. We shall see, however, 
that this conclusion is not correct when the inter- 
ference is occasionally stronger than the signal. 


FM under strong interference 


The situation is entirely different from that given 
above when the interference becomes stronger than 
the signal (_V; > V). The sum of the vectors V and 
V; (fig. 1) will then approximately follow the phase 
of the disturbance instead of the phase of the signal. 
What remains of the modulation of the desired signal 
is then totally distorted and may be regarded as 
part of the interference. It may therefore be stated 
that when two frequency-modulated signals are ap- 
plied to a frequency detector, the stronger of the two 
will be received ; the weaker signal is entirely distorted 
and is perceived as “noise’’. 

This statement can be verified experimentally: 
if we allow the weak signal to increase in strength, 
there comes a point when it suddenly supersedes 
(and “drowns”) the other signal; in the narrow 
transitional region, only noise is heard. 

To arrive at a formula for the signal-to-noise 
ratio after detection, which will apply in the case 
of strong interference and will transpose to equation 
(5) in the case of weak interference, we must take 
into consideration the amplitude statistics of the 
noise, and the frequency spectrum of the noise 
after detection. 
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Statistical behaviour of amplitude and phase of 
noise interference 


With a view to devising a readily manipulated 
model of a noise disturbance, it is useful — from a 
mathematical as well as from a technological stand- 
point — to consider a number of identical events, 
the average number of which remains constant over 
a long period of time, but which occur in that time 
in an entirely random manner. Examples of such 
sequences of events are the incidence of electrons 
on the anode of a saturated diode, and — though 
somewhat less accurate — the incoming calls in a 
telephone exchange and the occurrence of traffic 
accidents. The statistical distribution of such 
events within relatively short periods of time is 
known as the Poisson distribution ‘). 


Poisson distribution of noise current 


Random disturbing pulses of this kind can be 
made to act on a mechanical oscillator or an elec- 
trical (LC) oscillatory system. The pulses give rise 
to oscillations whose amplitude and phase are con- 
tinuously changing. Given a sufficiently large aver- 
age number of disturbing pulses within the period 
of oscillation, the amplitude and phase are found 
to behave in a manner that depends, for all practical 
purposes, only on the bandwidth of the system 
(width of the resonance curve). This makes it pos- 
sible to interpret the sequence of random pulses 
as corresponding to a spectrum of periodic disturb- 
ances whose phases are not correlated. The dis- 
turbance energy is then seen to be distributed uni- 
formly over the spectrum which, if the average 
number of pulses per unit time is large, extends to 
very high frequencies. Phenomena possessing such a 
spectrum are known as “white” noise. The result 
of letting the pulses act on the oscillatory system 
is thus the same as filtering-out a frequency band 
from a very wide spectrum of disturbances. The 
statistical properties of the filtered noise are of 
fundamental importance if we are to form a picture 
of the potentialities of FM in reducing interference. 

We shall derive these statistical properties by 
using a method already described in this journal in 
connection with another problem of radio engineer- 
ing ®). The problem there concerned the case of 
interfering pulses acting on an LC circuit having a 
resistance rin series with the inductance. The mag- 
nitude of r determines the bandwidth of the system. 


‘) J. van Slooten, Oscillations and noise, Philips Res. Repts. 
11, 19-26, 1956. 

*) J. van Slooten, Mechanism of the synchronization of LC 
oscillators, Philips tech. Rev. 14, 292-298, 1952/53. 


1960/61, No. 11 


The oscillation produced by the system under the 
influence of the disturbing pulses has the tendency 
to persist in the instantaneous phase state. Each 
fresh pulse, however, changes not only the amplitude 
of the oscillation but also its phase. The total effect 
or summation of the phase disturbances is analogous 
to the random-walk problem (or Brownian movement 
in one dimension). The result obtained in this way 
is also valid for more complicated filter systems. 


Simpler model of a noise current 


We shall now consider a series of noise pulses 
having a somewhat less general shape than that of a 
Poisson distribution, but still sufficiently irregular 
to enable us to arrive at all the properties of the 
noise spectrum. We consider a consecutive sequence 
of adjacent positive and negative current pulses, 
all with the same amplitude [, and the same dura- 
tion, and superposed on a direct current I, (fig. 2). 


Se SIS 


Fig. 2. Interfering pulses of amplitude +, or —I,, and super- 
posed on a direct current J). The sign of each pulse is com- 
pletely random (but with equal probability for + and —). 


The sign (+ or —) of the pulses is a matter of chance, 
as if one were to toss a coin heads or tails. The 
current is 2J, during the positive pulses, and zero 
during the negative pulses. (Of course the current 
thus defined may also be regarded as consisting of 
pulses of amplitude 21), the presence of which is 
decided by the same random process.) 

The statistical distribution of the values of the 
deviation a, of the current with respect to Io, 
summated over n pulses, is readily found with the 
aid of the “Pascal triangle”: 


a, = pe oe OE) aE 2 304 e 5 
o— aL 1 1 
2 i 2 1 
3 1 3 3 1 
4 1 4 6 4 1 
5 1 5 10 10 5 1 
etc. 


In this distribution each number is equal to the sum 
of the two neighbouring numbers one line higher. 
We see that after, for example, three pulses (n = 3) 
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there is one chance of a deviation +3 (three succes- 
sive positive pulses), three chances of a deviation 
+1 (two positive pulses and one negative), likewise 
three chances of a deviation —l (one positive and 
two negative pulses), and again one chance of a 
deviation —3 (three negative pulses). 

If, after a certain number of pulses n, we take the 
mean square of the possible deviations a, (where 
a,’s occurring more than once must be counted 
more than once), the following familiar relation is 
applicable: 


Gn ibs hs fee eee 


After, for example, n = 5 pulses we have: 


2 chances of a deviation a, = -5, 
10 chances of a deviation a, = +3 and 
20 chances of a deviation a, = +1. 


The mean of a,” is therefore: 


sa 2X(+5) + 10x(+3" + 20x(41)? _ 160 
n 210) 20 32 


=: 5, 


which is indeed equal to n. 
The relation (7) can be demonstrated by a more complete 
inductive reasoning. 


We call the number of pulses per unit time n,, 
and the charge per pulse +e (if we ignore Ip, 
the current consists of pulses of charge + e). We 
then have I, = 4n,e. After a time T the number of 
pulses is n = n,T. The amount is by which the time 
average of the current, I, deviates from I, is 


i; = 1—1L=Al Sa, Ger Se) 


This deviation may be either positive or negative, 
depending on whether a, is positive or negative. 
The possible values of a, may be found from the 
Pascal triangle. We now regard is as the AC com- 
ponent in the noise current, where T signifies the 
smallest time interval of interest in the following 
calculations. It should again be recalled that the 
smallest time interval T must contain at least a 
number of noise current pulses. 

With the aid of (7) we easily find the mean square 
value of the AC component is as defined by (8): 


T- oa Ce) SS Peay ple Toe 
(I— I)? = 1,2 = (€/2T)?a,* = (e/2T)*n,T— Yar (9) 


In connection with the following considerations, 
it is important to note that (9) is the result of double 
averaging: the first time over a time interval T, 
and the second time, after squaring the result, over 
a large number of similar time intervals. 
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For completeness it should be mentioned that if, instead of 
the current according to fig. 2, we consider noise pulses in 
an actual Poisson distribution (with charge e and mean cur- 


rent I)), the result is ”): 


ary Ine 


i 


T° 
Another point to be noted is that the fluctuations in the noise 
current given by fig. 2 obviously are more rapid than would 
follow from (9) or (8). The energy corresponding to these rapid 
fluctuations, however, falls in a frequency range which is 
much higher than the band of frequencies filtered out by the 
receiver (or by the LC circuit presently to be considered). 


We now let the noise current given by fig. 2 
act on an LCr circuit (fig. 3). This produces across 
the capacitor an alternating voltage v which 
fluctuates in amplitude and in phase. The average 
frequency @, of v is given by w,2LC = 1. 


Igtts 
as SS 


(G V=G SIN Wot+b Cos Wot 
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Fig. 3. The interfering current (see fig. 2) is applied to an LCr 
circuit. The voltage v over the circuit has the average fre- 
quency @)=1//LC, but is subject to amplitude and phase 
fluctuations. The voltage v may be written as the sum of a 
sine and a cosine component of varying amplitude a and 5b, 
respectively. 


Statistical behaviour of the amplitude 


The statistical properties of the fluctuating am- 
plitude of v can be found most simply with the aid 
of an artifice due to Fresnel %). This consists in 
resolving the voltage v into a sine component and 
a cosine component: 


V = @SIN Wot + b cos wel. 


The fluctuations both in the amplitude and the phase 
of v can be expressed in terms of the fluctuations of 
the amplitudes a and b. A considerable advantage 
of this method of approach is, as we shall see, that 
a and 6 have an equal probability of being positive 
or negative. 

When a disturbing pulse of charge is4t is now 
applied to the circuit, we may write for the amplitude 


*) A. Blane-Lapierre and R. Fortet, Analyse spectrale de 
V’énergie dans les phénoménes de fluctuations, Ann. Télé- 
comm. 2, 222-230, 1947. 
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fluctuation Av, because of the continuity of the 
current through L: 
isAt 


v= 5 ; 


- (10) 


provided the time At is short compared with the 
average period 27/m 9, but longer than the duration 
of the elementary pulses in fig. 2. After simple 
calculation, on the same principles as described 
earlier 8), it follows from (10) that: 


Aa = Av sin wt, 
Ab = Av cos wot, 


2 eee UD) 
where Aa and Ab are the fluctuations of a and b 1°). 
To simplify the notation we put Ije = A, so that 

(9) becomes 
— A 


ig” == 


= (12) 


Using the relation At = T, we can now easily find 
from (9), (10), (11) and (12) the expression ”): 

— AAt 
AC? 


: emEA Oc) 
Taking into account the damping r/L — which is 
proportional to the bandwidth — this result can be 
integrated with respect to time t, and we thus find 
the mean square values o? and V,?: 


as le eee 
4C?2 r if 
OZ i 2 pe “e 
ho ae Oat — 2C2 r 


Here V, is the r.m.s. value of the voltage ampli- 
tude (“instantaneous peak value’’) Vy, of the fil- 
tered noise, as illustrated in fig. 4. Since the band- 
width is given by r/L, except for a numerical factor, 


— 


Vin 
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Fig. 4, Illustrating what is meant by the “instantaneous peak 
value’ Vy, of the filtered noise v. The quantity V,, which occurs 
in (14), is the r.m.s. value of Vy. 


a) Without carrying out the calculation, one can see that (11) 
is correct by noting that (11) is identical with the earlier 
result at moments where a or b is zero. 
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it follows from (14) that V, depends only on the 
bandwidth, and not on the frequency. The latter 
agrees with the characteristic of white noise, which 
is that all audible frequencies are uniformly re- 
presented in its spectrum. 

In order that v may have any phase, aandb must 
be able to become either positive or negative with 
equal probability. In that context it may be assumed 
that the values of a and 6 are distributed at either 
side of the zero value in a Gaussian or normal- 
distribution curve as shown in fig. 5a. In this figure 
the abscissa is proportional to the amplitude a of 


dP O4 


“da 


=3 a4 =| 0 1 2 3 
1 CG 


a 
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approximates to a normal distribution for large 
values of n. 

The statistical distribution of the total amplitude 
Vn Ja 53, which is always positive, can now 
be found by introducing polar coordinates in the 
a-b plane and then integrating °). This yields: 


where dP is the probability that the (positive) in- 
stantaneous peak value V,, of the voltage v lies 


between Vm and Vm + dV. Equation (16) does 


0 / 2 3 
—> x=%m/Vo 


B 
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Fig.5.a) Normal (Gaussian) curve representing the distribution of the varying amplitudes 
a and b of the two components of the voltage v in fig. 3. 

b) The solid curve represents a Rayleigh distribution (dP is the probability that Vm lies 
between V,, and Vy, + dV»). The dashed curve represents the probability P that Vm/V, 


is smaller than x. 


the sine component, whilst the ordinate is propor- 
tional to the probability dP with which a given 
amplitude a occurs. The most probable amplitude 
of a is seen to be zero; the same of course holds for 
the amplitude b of the cosine component. The pro- 
portionality factors on abscissa and ordinate are 
so chosen that the total (integrated) probability P 
has a value of 1. For this reason the abscissa is 
taken as the ratio x = a/o, that is, the ratio of a 
to its “standard deviation” o given by (14). The 
ordinate is then dP/dx = o dP/da. The mathematical 
expression for the normal-distribution curve in 


fig. 5a is: 
(15) 


This may be read as expressing that dP is the 
probability that a les between a and a+ da. An 
entirely analogous formula holds for the amplitude 
b of the cosine component. The fact that a and b 
will indeed exhibit the behaviour described follows 
from general considerations of probability theory. 
It may be noted in this connection that the bino- 
mial distribution of ay as given by Pascal’s triangle 


not represent a Gaussian but a Rayleigh distribu- 
tion, illustrated by the solid curve in fig. 5b. 


Equation (16) can easily be found with the aid of fig. 6. 
The probability that the total amplitude lies within the ele- 
mentary rectangle dadb is, according to (15): 

1 —Vyr? 
ano® “*P \ G2 


dP dadb: 


where Vm = 9 = Va? +'b?. The surface element dadb can be 
directly integrated along the periphery of the circle, and then 
becomes 27VmdVm. Including (14) in the calculations, we 
thus arrive at (16). 
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Fig. 6. Illustrating the derivation of equation (16). 
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By integrating (16) we can determine the prob- 
ability P(x) that Vm/V, will be smaller than a 


given value x. We find: 


P(x) = 1 e—* (17) 


The variation of P(x) is represented by the dashed 
curve in fig. 5b. The chance that V,, will be greater 
than, say, 2V,, is then smaller than 2%. 


Statistical behaviour of the phase 


In the foregoing we have calculated, perhaps by a 
somewhat unconventional method, a number of 
well-known relations. We now come to less familiar 
properties, and in the first place to the behaviour 
shown by the phase of the filtered noise. 

As shown in the article cited in reference °), the 
phase discontinuity produced in an oscillating LC 
circuit by a current pulse is given by: 


pe Av 
ay 


m 


sin :. (18) 
Av can be regarded as given by (10), p is the phase 
angle through which the oscillation has passed since 
the last positive voltage peak. The successive phase 
discontinuities are positive or negative and distrib- 
uted in an entirely random manner. They may 
therefore be expected to add up in a way completely 
analogous to that discussed in connection with the 
Pascal triangle. On formal grounds alone, then, 
we may expect a relation of the form ’) 


(Ap =— Ty, 


Sit Yee OL) RO a 


where r/L is proportional to the bandwidth, and T, 
is the time difference over which the phase discon- 
tinuities may be thought to be summed. In general 
one should add to the right-hand side of (19) a 
numerical factor which depends on the network 
under consideration; for our simple LC circuit this 
factor is of the order of magnitude of unity. 
Equation (19) is readily reducible to an expression 


for the average frequency deviation Am = w — a, 
over the interval Ty, since the identity 


Ap= Aw Ty 
and equation (19) yield directly: 
=S=— iP ll 
Lo == —— 2 
(Aa) =F (20) 


An important point is that (20) has exactly the same 
form as (9) and (12). 

We now consider a frequency detector which is 
“centred” on the centre frequency w,. When the 
filtered noise is fed to this detector, it will deliver a 
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voltage proportional to the instantaneous frequency 
deviation Aw. When averaged over a time interval 
Ty, this rapidly varying Aw gives the result expressed 
by (20), which varies with time in a similar way 
as (9) and (12). This warrants the conclusion that 
Aw itself must have properties corresponding to 
those of our original noise current AJ. Equation (14) 
shows that this noise current contains all frequencies 
equally up to a certain limit. We may now assume 
the same in regard to Aw. In practical terms, this 
means that the frequency detector considered. will 
deliver a voltage in which the energy is equally 
distributed over the relevant range of possible modu- 
lation frequencies of a frequency-modulated signal. 
A limit is imposed by the above-mentioned restric- 
tion concerning Ty, and also by the bandwidth of 
the detector. From (20) it may be argued that the 
detected voltage will show the characteristic of 
white noise over a frequency range extending from 
the lowest audio frequencies up to at least (A@)max- 

We shall now put equations (20) and (12) into a 
different form, in order to bring out more clearly 
the uniform distribution of the power over the range 
of frequencies. For this purpose we write instead 
of (12) and (8) the formal expression: 


(AI)? = AAf. (21) 


This expresses that our original noise current AI 
has an r.m.s. value proportional to the width of the 
filtered frequency band Af, entirely in accordance 
with (14). The fact that (21) is indeed numerically 
equivalent to (12) and (8) can be demonstrated by 
showing that the current given by (21) would give 
rise to the fluctuating voltage, given by (14), over 
the LC circuit. The elementary calculation involved, 
which need not be given here, also shows what 
bandwidth Af is filtered out of the noise spectrum 
(21) by the LC circuit. This bandwidth is r/4D. 
Taking this to correspond to 2(A@)max/2z, we find: 
r/L = 4Af = 4(Aw)max/2- 

This proportionality between r/L and (A) max will 
presently be used again. 

In view of the equivalence of (21) and (12), and 
because i, = AI, we may now also replace (20) by 


(22) 


This equation again shows that the detected (audio- 
frequency) voltage will exhibit the character of 
white noise. 


We now have all the data needed to describe 
the effects observed in the reception of a strongly 


disturbed FM signal. 
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Extension of equation (5) to the case of a relatively 
high interference level 


In the case of a noise disturbance which is con- 
stantly smaller than the signal, the signal-to-noise 
ratio at the detector output is given, as we have 
found, by the equation 


CSN Rie kay? gener, (5) 


The signal power S? is then given by: 
== 4D(Aw) max, . .. + (23) 


where D is a proportionality factor. The noise power 
N? after detection follows from (5) and (23): 
Aw a 
Nem ¢ Doma Pete (24) 
Where, however, the disturbance is weaker than 
the signal only during the part of the time given 
by (17), a factor (1 — e") must be added to the 
right-hand side of (23). The detected noise now 
consists of two terms, N,? and N,?. The first is the 
“normal”’ noise, given by (24), likewise with a factor 
(1—e*’*) on the right-hand side. The second 
term, NV,”, accounts for the “anomalous” noise, 
which arises when the noise disturbance is stronger 
than the signal and the noise disturbance itself is 
detected, as discussed above with reference to fig. 1. 
Taking into account that the detected noise is dis- 
turbing only in so far as it lies within the audio- 
frequency band gq, to be transmitted, and that 
qa = 2(A@)max/k and r/L = 4(A@)max/x, it follows 
from (22) that 


nia = ® po)ne orn 


=e . (25) 
The total noise power N? is the sum of N,? and N,. 

After including the 
(1 — e/*) in the calculation, it follows from (23), 
(24) and (25) that the signal-to-noise power ratio 
at the output of an FM detector is given by: 


above-mentioned factor 


(S/N)? = (26) 


Om ky? 


| 
| 2/Ic 
m2 el — 1 
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The numerator on the right-hand side of (26) is 
the square of the signal-to-noise ratio after detec- 
tion for the case of weak interference (equation 5). 
The denominator indicates to what extent this 
ratio is affected by the circumstance that the dis- 
turbance is sometimes stronger than the signal. The 
more favourable the signal-to-noise ratio at the 
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receiver input (i.e. the larger y?/k is with respect 
to unity), the closer does the denominator approach 
unity. 

In fig. 7 (S/N)? calculated from (26) is plotted 
against the “normalized” signal-to-noise power ratio 
y*, defined by (4), for various values of the bandwidth 
ratio k. The scale has been chosen so as to make a 
direct comparison possible with the results of other 
theoretical investigations *)"), For AM with single- 
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Fig. 7. The ordinate (S/N)? is the signal-to-noise ratio after 
detection; the abscissa y” is the ratio of the RF signal power 
to the average noise power within the frequency band qa, 
at the receiver input. The parameter k is the ratio of the total 
RF bandwidth 2(A@)max to qa; the value k = 1 applies to AM 
for single-sideband transmission, values k > 1 apply to FM. 
The solid curves relate to equation (26). As y” decreases, the 
advantage of a large bandwidth becomes smaller and smaller 
and eventually a larger bandwidth becomes a disadvantage. 


sideband transmission, k = 1 and S/N=y (see 
equation (6)); this case thus corresponds to the 
dashed line for k = 1. The solid curves relate to 
equation (26) for bandwidths 2(4@)max which are 
greater than the audio-frequency band q, by a 
factor k = 4, 10 and 25. As y increases, these curves 
approach asymptotically to the dashed straight lines, 
which represent equation (5) — the case of weak 


interference. 


1) F, de Jager, Les limites théoriques de la transmission en 
cas de niveau de bruit élevé, Onde électr. 74, 675-682, 1954. 
See also Philips tech. Rev. 19, 75 (fig. 1), 1957/58. 


360 


From the shape of the solid curves it can be seen 
that the larger the maximum frequency excursion 
is made, the ratio y? decreasing, the sooner does a 
deviation from (5) become noticeable. This means 
that increasing the bandwidth — which is favourable 
under weak interference — has an adverse effect 
when the interference is not always weaker than the 
signal. For example, the case k = 25, compared 
with k = 10, is in the advantage as long as y? > 
22 dB, but is disadvantageous where y? < 22 dB. 

In practice, an advantage of at least 15 to 20 
dB is required from FM as compared with single- 
sideband AM before the former is economically 
justifiable. Fig. 7 shows that this advantage is 
gained where k ~ 10, i.e. where (4@)max © 54a, 
a figure which is generally accepted as standard for 
radio broadcasting and television purposes. 

In fig. 7 the solid curves are broken off on the 
left at values of y? in the neighbourhood of k. The 
reason is that our formula (26) differs somewhat 
from the theoretical results *)*) at values of y?/k 
smaller than unity, at which the power ratio of 
RF signal and noise thus also becomes smaller than 
unity. This disparity is of little practical impor- 
tance, since FM at such high noise levels gives no 
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The emission of light by a solid as a result of the 
direct conversion of electrical energy is known as 
electroluminescence. The most widely studied form 
of this is the Destriau effect '), where collision ioni- 
zation in a sufficiently strong electric field gives 
rise to electrons and holes capable of causing light 
emission. (The production of electrons and holes 
is another way of describing what was referred to for 
simplicity in the article cited under ') as the exci- 
tation of certain bound electrons.) Another form 
of electroluminescence is the Lossev effect or P-N 
luminescence ”); here, by contrast with the first 
case, electrons and holes are already present in the 
solid in the unexcited state. The effect may be de- 
scribed as follows. 

1) See G. Diemer, H. A. Klasens and P. Zalm, Electrolumi- 
nescence and image intensification, Philips tech. Rev. 19, 
1-11, 1957/58. 

2) O.W. Lossev, Phys. Z. 34,397, 1933; C. R. Acad. Sci. U.R.S.S. 
39, 363, 1940. K. Lehovec, C. A. Accardo and E. Jamgochian, 
Phys. Rev. 89, 20, 1953. See also: C. A. A. J. Greebe and 


W. F. Knippenberg, Grown P-N junctions in silicon car- 
bide, Philips Res. Repts, 15, 120-123, 1960 (No. 2). 
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appreciably better reception than single-sideband 
AM, whilst the larger bandwidth then needed for 
FM is an overriding objection. In the field where the 
use of FM is interesting, however, the method of 
approach described above is in good agreement 
both with the theoretical calculations referred to and 
with earlier published results of measurements 1”). 
It therefore provides a satisfactory picture of the 
effects observed. 


2) M. G. Crosby, Frequency modulation noise characteristics, 
Prod. Inst. Radio Engrs. 25, 472-514, 1937. 


Summary. By means of a vector diagram it is shown that the 
sum of two signals modulated in frequency (or phase) will 
approximately follow the phase of the stronger signal. This 
means that for reception of disturbed FM signals, during the 
moments when the interference is stronger than the desired 
signal, it is largely only the disturbance that is detected. 
Taking into account the “anomalous’’ detected interference 
then occurring, it is possible to extend a familiar elementary 
formula for the signal-to-noise ratio to the case of a relatively 
high interference level. To do this, it is necessary to know the 
statistical behaviour of both the amplitude and phase of a 
noise disturbance. Both are derived in an elementary way 
from a somewhat simplified model of such a disturbance. The 
method adopted (earlier described in this journal) consists 
in integrating the reaction of an oscillatory network to short 
interfering pulses. A formula is found which satisfactorily 
describes the effects. 


GALLIUM PHOSPHIDE 
535.376 


In a semiconductor, one part of which shows hole 
conduction and another part electron conduction, a 
potential barrier *) occurs in the transition region, 
i.e. at the P-N junction. By electrically biasing the 
junction in the forward direction, the blocking ac- 
tion of the potential barrier is reduced and minority 
charge carriers are injected,.i.e. electrons from the 
N region enter the P region, and holes from the P 
region penetrate into the N region. These minority 
charge carriers recombine with the numerous charge 
carriers present of opposite sign, either directly 
or via a level between the valence and conduction 
bands that acts as a trap for holes or electrons. In 
some solids the energy released upon this recom- 
bination is emitted in the form of light radiation. 
This is known as the Lossev effect. 


*) For some of the semiconductor concepts used here, in par- 
ticular relating to the band scheme, energy gap, conduction 
mechanisms, etc., see e.g. R. E. J. King and B. E. Bartlett, 
Properties and applications of indium antimonide, Philips 
tech. Rev. 22, 217-225, 1960/61 (No. 7). 
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The height of the potential barrier at the P-N 
Junction is roughly equal to the energy band gap 
of the semiconductor, i.e. the energy difference 
between the top of the valence band and the bottom 
of the conduction band 3). At the most, therefore, 
it amounts to a few volts, and this is also the order 
of magnitude of the DC voltage to be applied in 
order to excite P-N luminescence of reasonable 
intensity. Light emission by the Destriau effect 
requires, as explained in the article!) referred to, 
considerably higher voltages, usually alternating. 

The fact that P-N luminescence essentially 
occurs at low DC voltages makes it attractive as a 
light source for electro-optical switching devices 4), 
and for this reason it is the subject of a ereat deal 
of research. 

P-N luminescence in the visible spectral region 
has hitherto only been observed in silicon carbide 2), 
aluminium phosphide *®) and gallium phosphide °). 
The efficiency was very low. In recent times, by 
improving the activation, we have succeeded in 
raising the efficiency of P-N luminescence in GaP 
erystals by a factor between 100 and 1000 compared 
with the figures previously achieved. This activa- 
tion amounts to the creation of both “deep” and 
“shallow” levels in relation to the neighbouring 
band (valence or conduction). The deep levels are 


important in order to give the radiative recombi- 


Fig. 1. P-N luminescence from a polycrystalline sample of 
gallium phosphide, on Kodachrome film (artificial light, re- 
versal film), exposure one minute. Magnification approx. 100 x. 
To bring out the contours of the sample and the contacts 
clearly, supplementary lighting was used. 


4) G. Diemer and J. G. van Santen, Philips Res. Repts. 15, 
368, 1960 (No. 4). 

5) H.G. Grimmeiss, W. Kischio and A. Rabenau, Phys. Chem. 
Solids 16, 302, 1960 (No. 3/4). 

6) H. G. Grimmeiss and H. Koelmans, Philips Res. Repts. 15, 
290, 1960 (No. 3). 
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Fig. 2. As fig. 1, with a different GaP sample and without 
supplementary lighting. Magnification approx. 60. 


nation a good chance against competitive processes. 
The shallow levels, although they have poor trap- 
ping properties, are necessary to obtain reasonable 
electrical conductivity in the parts of the crystal 
outside the P-N junction. 

The GaP crystals can emit green, yellow and red 
light. Figs. 1 and 2 show colour photos of strongly 
yellow and red emissive samples. The contacts 
visible in fig. 1 consist of metallic gallium, which 
melts at about 30 °C. Between the contacts a DC 
potential of 4 volts is applied. With the intensities 
of luminescence so far achieved it is possible to 
envisage practical applications on the lines men- 
tioned above. For example, if one of our GaP 
samples is combined with a photoresistor of cad- 
mium sulphide’), type LDR-03, the P-N lumi- 
nescence makes it possible to reduce the resistance 
of the cadmium sulphide from 10° Q to 3x10? Q. 

The GaP used for the photos was polycrystalline. 
The P-N junctions needed for the luminescence 
occur naturally here at the grain boundaries. The 
nature and the situation of the P-N junctions cannot 
yet be properly controlled, so that in addition to 
strongly emissive GaP samples many weakly 
emissive ones are obtained, and some that are not 
emissive at all. Further improvement is expected 
when it becomes possible to make single crystals 
of GaP in which P-N junctions can be introduced 
in a reproducible manner. 

H. G. GRIMMEISS *) and H. KOELMANS. 


7) N. A. de Gier, W. van Gool and J. G. van Santen, Philips 
tech. Rev. 20, 277, 1958/59. 
*) Philips Zentrallaboratorium GmbH, Laboratorium Aachen. 
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LATTICE IMPERFECTIONS IN METALS, SEMICONDUCTORS 
AND IONIC CRYSTALS 


by H. G. van BUEREN. 


548.4 


It may now be taken as common knowledge that disturbances on an atomic scale in the regular 
ordering of the atoms or ions in a crystal lattice have a very pronounced influence on the macro- 
scopic properties of the crystal, or may sometimes entirely govern them. Lattice imperfections 
have many aspects, and the consequences of their presence differ very widely from one substance 
to another. This appears to be bound up with differences in crystal structure and the binding 
energies between the atoms; the size of the crystals may also play some part. This article discusses 
some of the more outstanding points of difference as regards their effects on the electrical and 


mechanical properties of crystals. 


Knowledge of the nature and influence of devia- 
tions from exact periodicity of crystal lattices 
(lattice imperfections) is no longer the domain of 
only a small group of specialists: it has become an 
essential part of the whole fund of knowledge 
required for solid state research. Moreover, it has 
proved possible in recent years to provide spec- 
tacular and convincing visible evidence of the most 
disputed group of lattice imperfections — disloca- 
tions. Among the means employed to this end are 
the techniques of “decorating” dislocations 1), and 
the electron microscopy of thin foils 2). This work 
has shown that nearly all the major predictions 
made in this field in the last fifteen years (e.g. re- 
garding the structure and behaviour of dislocations) 
were well founded. The theory of the imperfect 
crystal, which in those years had largely been worked 
out on paper, has thus been given a firm experimen- 
tal foundation. 

Figs. 1 and 2 illustrate the striking agreement 
between theory and observation with regard to the 
Frank-Read source and the dislocation network. 
These two concepts of dislocation theory were dealt 
with at some length in an article published some 
years ago in this journal *) on the principles of the 
theory of simple physical lattice imperfections — 
vacancies, interstitial atoms and dislocations. The 
emphasis then was placed on the influence of lattice 
imperfections in metals. Since that time there have 


1) A. Hedges and D. Mitchell, Phil. Mag. 44, 223 and 357, 
1953; S. Amelinckx, Phil. Mag. 1, 269, 1956. 

*) P. B. Hirsch, R. W. Horne and M. J. Whelan, Phil. Mag. 1, 
677, 1956. 

*) H. G. van Bueren, Lattice imperfections and plastic de- 
formation in metals, I. Nature and characteristics of lattice 
imperfections, notably dislocations; II. Behaviour of lattice 
imperfections during deformation, Philips tech. Rev. 15, 
246-257 and 286-295, 1953/54. 


been innumerable investigations on other types of 
solids. These investigations have revealed a number 
of interesting and instructive differences which 
threw new light not only on the properties of the 
lattice imperfections themselves, but also on the 
substance in which they occur. Various such dif- 
ferences will be reviewed in this article. Our choice 


Fig. 1. Frank-Read dislocation source in a silicon crystal. 
The dislocations are made visible by “decoration” with copper 
particles precipitated round the dislocation lines. Compare 
this figure with fig. 13 in reference *). (Taken from W. C. Dash, 
J. appl. Phys. 27, 1193, 1956.) 
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Fig. 2. Hexagonal dislocation network in a KCl crystal, made 
visible by precipitating silver particles on the dislocation lines. 
(Taken from S. Amelinckx, Acta metaliurgica 6, 34, 1958.) 


must necessarily be limited, and we shall be pri- 
marily concerned with examining the influence of 
vacancies and dislocations. Composite lattice dis- 
turbances, such as crystal boundaries and chemical 
imperfections (foreign atoms) will not be discussed. 


Formation of lattice imperfections 


During the growth of a crystal, apart from vacan- 
cies large numbers of dislocations are formed. These 
are due either to thermal stresses (e.g. on growing 
from the melt) or to the condensation of vacancies 
(see below), or again to the low mobility of the atoms 
making up a crystal (an atom that has arrived at 
the wrong site is then unable to leave it). The latter 
case may arise, for example, when a crystal has grown 
at a relatively low temperature from the vapour 
phase. The process by which dislocations are formed. 
may in a certain sense be called autocatalytic: 
where a few dislocations are present, they normally 
promote the creation of further dislocations, either 
because the dislocations act as sources for new ones 
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or as a consequence of the occurrence of the Frank 
spiral-growth mechanism. 

All these possibilities, including the way in which 
plastic deformation (which may be due to thermal 
stresses) can give rise to large numbers of disloca- 
tions, vacancies and interstitial atoms, have already 
been discussed in this journal 3)‘)>). Reference has 
also been made to the way in which rapid cooling 
(quenching) may freeze-in large concentrations of 
vacancies that are not in thermodynamic equili- 
brium. When the temperature has been raised high 
enough to make these vacancies mobile, they con- 
dense into certain dislocation configurations whose 
shape differs according to the substance in which 
they occur (figs. 3 and 4). This extremely significant 
effect of vacancy condensation, leading to the for- 
mation of dislocations, was theoretically predicted 
just before it was observed with the aid of a new 
experimental technique — electron transmission 
microscopy of thin foils °). 


ee q 


Fig. 3. Formation of dislocation loop by the condensation of a 
disc-shaped accumulation of vacancies and its subsequent 
collapse. The drawing shows a number of crystal lattice planes 
(only half-planes are drawn, for clarity). The edge r of the 
inserted “extra’’ half-plane, which constitutes the dislocation, 
takes the form of a ring perpendicular to the plane of the draw- 
ing. The Burgers vector (arrow) is perpendicular to the plane 
of the loop. 


Large concentrations of lattice imperfections out 
of thermodynamic equilibrium, particularly of 
vacancies and interstitial atoms, can also be formed 
by irradiation with high-energy electrons, neutrons 
or other particles. Such point defects are usually 
formed by the direct displacement of lattice atoms, 
a process which has many interesting facets but 
with which we shall not be concerned here; an im- 
pression of the process is given in fig. 5. Imperfec- 
tions can also, however, be formed indirectly, and 


4) P. Penning, The generation of dislocations by thermal 
stresses, Philips tech. Rev. 19, 357-364, 1957/58. 

5) B. Okkerse, A method of growing dislocation-free germa- 
nium crystals, Philips tech. Rev. 21, 340-345, 1959/60 
(No. 11). 

6) P. B. Hirsch, J. Sileox, R. E. Smallman and K. H. West- 
macott, Phil. Mag. 3, 897, 1958. This effect had been theo- 
retically predicted some months before by D. Kuhlmann- 
Wilsdorf. 
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it is here that we find a characteristic difference be- 
tween two types of substances, in this case between 
metals and ionic crystals. Whereas in metals all 
electrostatic disturbances produced during the irra- 
diation are completely screened-off within one 
interatomic spacing by the electron gas, so that in 
practice they have little or no influence on the struc- 
ture, in an ionic crystal a disturbance of the state 
of charge of an ion endangers the links with the 
neighbouring ions. For example a singly charged 
chlorine anion in a crystal of rocksalt may 
easily be doubly ionized upon irradiation with fast 
electrons, much more easily than it can be com- 
pletely displaced. After double ionization, however, 
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Fig. 4. Two photographs, taken by electron transmission micro- 
scopy of thin metal foils. The phenomena represented are re- 
lated to those sketched in fig. 3. 

a) Dislocation loops in aluminium foil, quenched from 560° 
and aged at room temperature. b) Tetrahedral condensation 
figures in quenched gold foil, aged at 180 °C. The latter figure 
differs from the former because a simple dislocation loop in 
gold is not stable but changes into a tetrahedral configuration 
of four stacking faults in four different octahedral planes. Both 
cases, however, arise in just the same way from vacancy con- 
densation. (Taken from P. B. Hirsch, J. Inst. Metals 87, 406, 
1958/59 and from J. Sileox and P. B. Hirsch, Phil. Mag. 4, 
72, 1959.) 


it has become a positive ion, occupying a lattice 
site intended for negative ions (fig. 6). Obviously, 
the surrounding positive sodium ions will exert a 
repulsion on the positive chlorine ion. As a result the 
ion is pushed into an interstitial site where it feels 
less unhappy, leaving behind a chlorine vacancy. 
In spite of the relatively minor damage caused by 
the irradiation directly, the lattice itself subsequent- 
ly makes a contribution which converts the small 
temporary damage into a permanent imperfection. 
In metals there is no question of any such lattice 
contribution. In the fundamental study of radia- 
tion damage it is therefore not permissible to regard 
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Fig. 5. Schematic representation of the imperfections that may 
be produced by irradiating a crystal with high-energy neutrons 
(after D. S. Billington, Scientific American 201, No. 3, p. 200 
1959). Vacancies (open circles) and interstitial atoms are formed 
by sequences of collisions in cascade. 
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metals (hitherto the most investigated group) as 
the representative class, and to apply the results 
obtained on metals to other substances. The exis- 
tence of other indirect consequences of irradiation, 
which are present in some substances and absent in 
others, has already been incidentally demonstrated, 
among other things in organic substances (“cross- 
linking” in polymers). 

After these prefatory comments on the formation 
of lattice imperfections, we shall now discuss some 
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dependent of temperature. The mobility 1, as used 
in solid-state physics, is defined by: 


- () 


where y is the conductivity, n the number of con- 
duction electrons per unit volume and e the ele- 
mentary charge. 
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The reduction of y, itself an interesting effeet, 
is the only effect that lattice imperfections have on 
the transport of charge in metals. As mentioned, 
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Fig. 6. Schematic representation of the consequences of the double ionization of a negative 
ion in an NaCl lattice, under the influence of a collision with a high-energy electron (a). 
The ion becomes positive (b), is then no longer in a stable position and moves to an inter- 
stitial site leaving behind a vacancy (c). The ion may then again capture the missing elec- 
trons, giving rise to an interstitial negative ion (d) together with a vacancy. 

This mechanism for the creation of interstitial negative ions was put forward by J. H. O. 
Varley (Nature 174, 856, 1954). It should be noted that the analogous formation of inter- 


stitial positive ions is not possible. 


groups of phenomena in which there is a striking 
difference between various types of substance. Since 
we have to be selective, we shall consider in turn 
two distinct examples, one in the category of elec- 
trical phenomena and the other relating to mechan- 
ical properties. We shall not be concerned with 
optical, magnetic or resonance processes, nor with 
the technically very important influence which 
lattice imperfections have on diffusion and on the 
various forms of chemical reactivity. 


Influence of lattice imperfections on electrical con- 
ductivity 


Dislocations and vacancies reduce the electrical 
conductivity of metals by scattering conduction 
electrons, in a manner analogous to the scattering 
caused by thermal lattice vibrations °)’). Whilst 
the occurrence and influence of the latter are de- 
pendent on temperature, this is not so in the case 
of lattice imperfections (as far as non-equilibrium 
concentrations are concerned and disregarding re- 
covery processes). To a first approximation, there- 
fore, Matthiessen’s rule applies which states that 
the reduced mobility of electrons in metals as a 
result of lattice imperfections, is more or less in- 


7) See e.g. J. Volger, Philips tech. Rev. 22, 226, 1960/61 (No. 7). 


any electrostatic effects present have no effect on 
the structure and therefore on the electron density, 
since all disturbances of the charge equilibrium are 
screened off within one atomic distance from the 
dislocation. The situation is entirely different in 
semiconductors, where there are valence bonds 
between the atoms and only few charge carriers are 
present. Lattice imperfections here affect not only 
the mobility 1, but also as a rule the concentration 
n of the charge carriers, owing to the fact that the 
imperfections may act as donors or acceptors ). 
It is therefore in general not possible to say whether 
the introduction of lattice imperfections will in- 
crease or reduce the electrical conductivity of such 
covalent semiconductors: this depends on the con- 
centration of the conduction electrons. For example, 
on plastic deformation the resistivity of N-type 
germanium is increased owing to the introduction 
of vacancies and dislocations, the reason being that 
both these imperfections act as acceptor centres 
and thus reduce the concentration of conduction 
electrons. The higher the concentration of vacan- 
cies the lower the electron concentration, until 


8) For the principles of semiconductor theory, and the de- 
finition of various terms and concepts used here, reference 
may be made to the article under “) and to: F. H. Stieltjes 
and L. J. Tummers, Simple theory of the junction transis- 


tor, Philips tech. Rev. 17, 233-246, 1955/56. 
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finally a stage is reached where the material has 
become “intrinsic”, with the conductivity at a 
minimum. A further increase in the number of dis- 
locations gives rise to conversion; the material be- 
comes P-type and the resistivity drops again 
(fig. 7), finally reaching a more or less constant 
value depending on the concentration of the other 
centres. At room temperature this change is brought 
about both by dislocations and vacancies; at very 
low temperature it is mainly due to the vacancies. 
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Fig. 7. Change in the conductivity y of IV germanium as a 
result of plastic deformation. After about 10%, deformation, 
conversion to P type germanium occurs owing to the lattice 
imperfections formed acting as acceptors. (From E. S. Greiner 


and W. C. Ellis, Bell Lab. Record 34, 403, 1956.) 


Charged dislocations in semiconductors 


The acceptor action of dislocations is generally 
attributable to the breaking of valence bonds be- 
tween germanium atoms along a dislocation. Take, 
for instance, a 60°-dislocation in germanium (fig. 8), 
whose Burgers vector makes an angle of 60° 
with the dislocation axis. The atoms at the edge of 
the “extra half plane” that terminates along such 
a dislocation are not surrounded by four neighbours, 
as they should be, but by three neighbours. These 
atoms thus retain one free bond, i.e. they possess 
an unpaired electron, and they will therefore readily 
accept a conduction electron in order to fill their 
electron shell. A dislocation of this kind may there- 
fore be regarded as a row of acceptors. 

The filling of the row, i.e. the occupation of all 
acceptor levels along a dislocation, is hindered — 
even in pronounced N-type material — by the 
electrostatic repulsion which all these unscreened 
extra electrons exercise on one another. In this 
respect dislocation acceptors differ from acceptors 
formed by foreign atoms, which are distributed 
arbitrarily throughout the lattice: in the case of 
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Fig. 8. A 60°-dislocation along the (110) direction in the dia- 
mond lattice. The extra half plane is indicated by thick lines; 
the free bonds are clearly visible. a represents the dislocation 
axis, b the direction of the Burgers vector. (From J. Hornstra, 
Physica 25, 409, 1959.) 


dislocations a correlation arises between the accep- 
tors which leads to a degree of occupation differing 
from the usual one. 

A dislocation line in N-type material, along which 
some of the acceptor states are occupied, carries a 
charge. This charge is neutralized by a space charge 
of opposite sign in a roughly cylindrical region 
around the dislocation: the donors in this region — 
the donors are fairly uniformly distributed through- 
out the lattice — have supplied the electrons that 
have filled the acceptors (fig. 9). The cylindrical 
region in semiconductors may be quite thick; 
assuming that 10° of the free bonds along the dis- 
location line have accepted an electron, the ave- 
rage number of accepted electrons per unit disloca- 
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Fig. 9. A dislocation line in IV germanium is negatively charged, 
because electrons are accepted here and there along the line. 
This charge must be neutralized by the ionization of donors 
in a more or less cylindrical region around the dislocation, in 
which a space charge is formed. The radius R of this region 
depends on the donor concentration: the more donors the 
narrower the space-charge region. 
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tion length is 210° em. Putting the density of 
the donors at 10 cm~3 (a reasonable value for N 
germanium) we find a value of roughly 0.5 microns 
for the diameter of the space-charge region in which 
all donors are ionized. The energy needed to build 
up such a space-charge region around the charged 
dislocation is about 0.5 eV per electron. This is of 
the same order as the energy needed to release an 
electron from a germanium atom and to convey 
it to another atom lacking an electron. This makes 
it understandable that only a fraction of the dislo- 
cation levels can be occupied. 

To calculate the scattering of charge carriers by 
dislocations in a semiconductor, it is necessary to 
take this space-charge effect into account. In the 
case described it occurred only in N-type germanium, 
since the dislocation acted as a row of acceptors. 
It is also possible, however, that in other semicon- 
ducting elements or compounds an atom with a 
free bond may prefer to give up an electron rather 
than accept a second one; the dislocation then acts 
as a row of donors, and the space charge effects 
will occur in P-type material. 

Detailed experimental investigations into the 
electrical properties of dislocations in covalent 
semiconductors have not yet been made, owing to 
the numerous other complications involved, which 
cannot be discussed here. 


Charged dislocations in polar crystals 


In polar (ionic) crystals analogous electrostatic 
effects occur to an even larger extent than in coval- 
ent substances, owing to the fact that all constituent 
particles are of course charged and that, due to 
polarization of the lattice, disturbances in the charge 
distribution are only slightly screened. In cova- 
lent materials a dislocation receives a_ charge 
as a result of the interaction with electrons. In 
ionic crystals, however, the role of the mobile 
charge carriers is taken over by the ions themselves 
or, in other words, by the point defects — mainly 
vacancies — which are necessary for the movement 
of the ions. These behave in the lattice as if they 
possessed a charge of opposite sign from that of the 
absent ion. This “effective” charge is compensated 
by vacancies of oppositely charged ions (Schottky 
pairs), or by interstitial ions having the same charge 
as the absent ions (Frenkel pairs), or again by 
appropriate foreign ions. In thermodynamic equi- 
librium, charge neutrality prevails inside the crystal. 
Expressed in another way, the continuous formation 
and disappearance of lattice imperfections takes 
place on the average in pairs, in such a way that 
there are always as many positive charges present 
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as there are negative charges. The creation and 
destruction of lattice imperfections occurs prefer- 
ably at the surface, at crystal boundaries or on 
dislocations. However, there is no a priori reason 
to assume that the energy needed to form a vacancy 
of a certain ion will be equal to that needed to form 
the vacancy that must act as the counterpart of 
the charge (in the following we shall confine our- 
selves to Schottky pairs). Near a dislocation the 
two kinds of vacancies appear and disappear, seen 
on an atomic scale, entirely independently of 
each other. 


How this takes place will not be discussed here. It will be 
sufficient to note that “jogs” *) in the dislocations play a major 
part. A vacancy occurs more readily at such jogs than else- 
where in the crystal, the ions then having fewer neighbours, 
and also because part of the required electrical charge is con- 
centrated around the jog °). 


The equilibrium concentrations c, and c_ of the 
two kinds of vacancy of a Schottky pair will thus 
as a rule be unequal in the immediate neighbour- 
hood of the dislocation, and a space charge of den- 
sity e(c;—c_) exists around the dislocation; e repre- 


The 


relation between the space-charge potential m and 


sents the magnitude of the ionic charge. 


the charge density is given, according to Poisson’s 
equation, by 


Vea (ex —0-), a2 
where ¢ is the dielectric constant of the material. 
We can now calculate the equilibrium concentra- 
tions of both kinds of vacancies separately. If the 
free energies of formation are U, and U_, respec- 
tively, we find for the concentrations: 


c+ = const. X exp |—(U.—e) (kT > 
(3) 


€> = const. <exip |—(U-—ep) a7 : 


Insertion of (3) in (2) gives the Debye-Hickel 
equation, the solution of which far from the dis- 
location is given by: 


cy = c_=const.xexp(—U/2kT), . (4) 


where: U = U,-+ U_. This expresses mathematically 
the fact earlier noted that, because of the charge 
neutrality, both concentrations inside the crystal 
must be equal beyond a certain distance from the 


®) For a more detailed discussion, see H. G. van Bueren, 
Imperfections in crystals, Part III, North-Holland Pub- 
lishing Company, Amsterdam 1960. 


368 PHILIPS TECHNICAL REVIEW 


dislocations and from the surface. Within a certain 


distance R from the dislocation, roughly given by 


; eae . 
c= Ane? wants ee, PRS) 


the equality expressed in (4) no longer holds. (In this 
formula, N represents the total number of vacan- 
cies per cm®, far from the dislocation.) The distance 
R determines the diameter of the cylindrical region 
around the dislocation within which space-charge 
effects are perceptible. Depending on the tempera- 
ture, R varies in rocksalt, for example, from one 
hundredth to a few tenths of a micron. 

As in the case of covalent semiconductors, the 
dislocation line here too behaves like a linear charge, 
now with the potential 


U,— U_ 
tp cape WE eG) 
2e 


surrounded by a space-charge region. In a rocksalt 
erystal y = —0.28 volt. Both the electrical and 
the mechanical properties of ionic crystals are in- 
fluenced by the charge of the dislocations, because 
it affects both the mobility of the charge carriers 
(vacancies) and the mobility of the dislocations 
themselves. 

We shall examine the latter point at greater 
length, since it is related to an interesting experi- 
mental illustration of the above theory. As a result 
of the mechanism described, a space charge will be 
present not only around the dislocations but also 
at the surface layer of an ionic crystal. A dislocation 
approaching the surface will therefore be electro- 
statically repelled (fig. 10). Now it is known that 
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Fig. 10. Illustrating the space-charge effects near the crystal 
surface and near a dislocation in an ionic crystal, in which 
negative ion vacancies are more readily formed than positive 
ion vacancies, 
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the surface of these crystals has a very marked 
bearing on their plasticity. In dry air NaCl crystals 
are very brittle, but if their surface is moist they 
can undergo plastic deformation up to 20 or 30% 
(Joffé effect). This may well be due to electrostatic 
as well as mechanical causes. Similar effects are 
also clearly apparent in semiconductors, but are 
much less manifest in metals. 

A periodic elastic deformation of an ionic crystal 
gives rise to small periodic movements of the dis- 
locations, relative to the space-charge zones, and 
these charge movements induce in the surface a 
periodically varying electrical potential. A weak 
alternating voltage has in fact been measured on a 
crystal subjected to an alternating bending stress. 
This effect should not be confused with the piezo- 
electric effect; the latter occurs only in crystals which 
have no centre of symmetry, whereas the effects 
of dislocation movements have been found in cubic 
crystals. Conversely, an electrical potential applied 
to these crystals can produce a slight dislocation 
movement, and consequently a slight amount of 
elastic deformation. Both phenomena have been 
observed in recent experiments in Belgium ?). 

We have seen that the charge of the dislocations 
necessarily influences the mobility of the charge 
carriers, and thus affects their contribution to the 
electrical conductivity. In quantitative terms this 
influence is found to be small: the charge carriers — 
the vacancies or, which amounts to the same thing, 
the ions of the crystal — have too large a mass to 
be scattered to any appreciable extent. On the other 
hand, as pointed out above, dislocations do play an 
important part in the formation of charge carriers. 
Generally speaking the introduction of lattice im- 
perfections causes a drop in the resistivity of ionic 
crystals. This effect is considerably accentuated by 
slight plastic defomation, the result normally being 
a drastic temporary decrease of resistivity. The 
reason for this is that, when the dislocations move, 
large numbers of vacancies or interstitial atoms are 
formed by one of the mechanisms discussed above. 
This dynamic process of point-defect formation is 
distinct from the static process which we have been 
discussing, but the point imperfections formed 
obviously contribute their share to the conduc- 
tivity. 

The different effects of lattice imperfections on 
the electrical properties of the three classes of sub- 
stance considered are summarized in Table I. 


10) R. L. Sproull, Phil. Mag. 5, 815, 1960. 
S. Amelinckx, G. Remaut and J. Vennik, Phys. Chem. 
Solids 11, 170, 1959 and 16, 158, 1960. 
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Number of charge carriers n 0 0 ener ca ai ip | fie 
Conductivity y = ; = leeches C a ee ie | aie 


Plasticity of crystals 


Governing factors 


We have recalled above that the plasticity of 
crystals depends on the presence of dislocations: 
these may move under relatively low stresses and 
give rise to displacements on certain slip planes. The 
degree of plasticity is governed by various factors, 
quantitative information on some of which is still 
lacking. 

The first factor to be mentioned is the dislocation 
length which the crystal contains per unit volume 
(dislocation density). If this is small, only minor 
displacement will occur and the plasticity will be 
low; if it is large, the dislocations obstruct one 
another, and this again reduces the ductility of the 
material. There is in fact a maximum permissible 
force that can be applied to a crystal, beyond which 
cleavage or breakage will result.Where the dislo- 
cation density is very high, the average interaction 
force between the dislocations is comparable with 
this maximum force, and rupture will occur be- 
fore the dislocations have perceptibly shifted. The 
highest ductility is found in general at a dislocation 
density of about 10° cm~?. For metal crystals this 
is a normal density, but for semiconductors it is 
very high, and rather high for ionic crystals. 

A second factor affecting plasticity is the mobility 
of the dislocations (not to be confused with the mo- 
bility of the charge carriers, discussed above). In 
metals, apart from the above-mentioned mutual 
interaction of the dislocations and their interaction 
with point defects, there is in principle hardly 
any obstruction of the movements of dislocations. 
On the other hand, in most valence-bond substances 
the mobility of dislocations is extremely small, at 


Table II. Differences in dislocation structure and mechanical properties. 


least at moderate temperatures, because of the rigid 
bonds 
therefore very brittle, and show ductility only at 


between the atoms. These materials are 
high temperatures, where the dislocations then 
appear to become mobile. In polar crystals the dis- 
locations in themselves are fairly mobile, but here 
the movement of a dislocation is generally accom- 
panied by electrostatic effects, which counteract 
the movement and thus make the effective mobility 
relatively low. Only under certain suitable condi- 
tions can ionic crystals be substantially deformed 
without them breaking. 

The third factor to be mentioned is the presence 
of dislocation sources to replenish dislocations leav- 
ing the crystal. Without sources there can be no 
permanent ductility, but the presence of sources 
itself depends on various factors, such as the state 
of the surface, the presence of impurities, the di- 
mensions of the crystal and the dislocation density. 
The relative influence of these factors differs from 
one material to another. This, and the differences 
in density and mobility referred to, will be found 
summarized in Table II. This table can serve as 
the starting point for a systematic comparative 
study of the plasticity of various types of substance. 
Depending on the substance, plastic properties can 
also be studied under entirely different conditions, 
so that, conversely, information on the behaviour 
of dislocations can be obtained from the data on 
plasticity. 

To illustrate the foregoing, we shall examine a 
little more closely the way in which the study of 
the plasticity of semiconductors and ionic crystals 
has yielded information on the mobility of dislo- 
cations, information which is more difficult, if not 
impossible, to derive from investigations of the 
characteristically plastic metals alone. 


Metals Semiconductors Tonic crystals 
Dislocation density high ; low to moderate moderate 
Dislocation mobility high 0 to moderate (at high temperature) moderate 
Ductility high 0 to moderate (at high temperature) moderate 
i ‘ a : 2 . ee internal +- 
Dislocation sources internal superficial | papeicial 
Effect of dimensions on ductility slight very marked very marked 
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Direct measurements of the velocity of dislocation 
movement 

As a measure of the mobility of dislocations we can 
use the velocity at which a dislocation, at a given 
temperature, is displaced under the influence of a 
given mechanical stress. This can only be measured 
directly in a relatively perfect crystal, possessing 
few dislocations. Only in such a crystal can anything 
be seen of the individual dislocation movements, 
and moreover the interaction between the dislo- 
cations is negligible. Perfect crystals (of reasonable 
dimensions) are seldom if ever found among metals; 
they are, however, obtainable among covalent sub- 
stances and also, though less readily, among certain 
polar materials. It is therefore not surprising that 
dislocation velocities were first measured. in sub- 
stances representative of these categories, i.e. in 
germanium and lithium fluoride. The results, which 
we shall now discuss, cannot of course be directly 
extended to metals, but some general data can be 
obtained that are applicable to all solids. These 
data have recently been confirmed by measurements 
on metals, e.g. silicon iron. 


a) Displacement of etch pits 


With the aid of an etching technique !) the 
movement of individual dislocations has been ob- 
served in the transparent material lithium fluoride. 
When a superficial layer of the crystal is etched in 
a diluted aqueous solution of ferrichloride, etch 
pits are produced at the places where the disloca- 
tions meet the surface. The application to the crystal 
of a short mechanical stress causes the dislocations 
to move over a short distance, so that they break 
away from their etch pits. Further etching then 
reveals a new group of etch pits, which are displaced 
from the first ones by the distance in question. 
The latter have a different appearance: “fresh” 
etch pits at which a dislocation terminates are 
somewhat pointed, whilst the “old” etch pits that 
have lost their dislocation develop a flat base and 
larger dimensions on renewed etching (see fig. 11). 
By varying the time and the stress, and possibly 
the temperature, and measuring the distances be- 
tween the etch pits, it is possible to calculate the 
velocity of the dislocations. (It is obvious that this 
method can only be used on crystals containing 
only a few, easily distinguishable dislocations.) 
The result of such measurements is represented 
in fig. 12. The dislocation velocity depends very 
markedly on the stress, roughly exponentially; if 


") W. G. Johnston and J. J. Gilman, J. appl. Phys. 30, 
129, 1959. 
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Fig. 11. The movement of dislocations in lithium fluoride can 
be studied from the etch pits occurring at the points where 
the dislocations terminate at the surface. The series of small 
pits indicates the dislocation sites after the crystal has been 
subjected to successive short-lived bending stresses; the two 
large pits indicate the positions of the same dislocations before 
this treatment. Upon the application of a bending stress the 
two dislocations move in opposite directions and thus have 
opposite signs. Magnification approx. 500 x . (Taken from W. G. 
Johnston and J. J. Gilman, J. appl. Phys. 30, 129, 1959.) 


the stress is increased by a factor of 2 the dislo- 
cation velocity increases by a factor of about 10°. 


b) Creep tests 


Results similar to those obtained by these direct 
“microscopic” investigations have been found from 
indirect “macroscopic” creep tests, also done on LiF, 


10° cm/s 


10° 


Ql 1 10 100 kg/hr? 
= & 4818 
Fig. 12. Velocity v of dislocations in lithium fluoride asa function 


of stress o "); ¢ is the speed of sound in the material, which 
represents an upper limit to the velocity of the dislocations. 
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but mainly on single crystals of germanium Vt 
The latter material can be produced with a very low 
initial density of dislocations *). A permanent me- 
chanical stress applied to such an “almost perfect”’ 
crystal gives rise at elevated temperature to a gra- 
dual deformation (creep), which depends in a very 
specific way on time. An example is given in fig. 13: 
after an initial, “incubation” period, in which hardly 
any deformation is to be observed and which under 
average conditions may last anything from some 

200u 


150 


50 


0 Detp ie IY 15 min 
—_» t 4819 


Fig. 13. Creep curve of a germanium crystal subjected to a 
bending load at 440 °C. The long axis of the crystal rod was 
in the [111] direction; the stress in the outer layers was 13 
kg/mm?. The deformation z is plotted versus time t. The plotted 
points are taken from reference 1”), the solid curve is derived 
from the theory }). 


minutes to half an hour or more, the rate of defor- 
mation gradually increases until it reaches a con- 
stant value, many times higher than the rate of 
deformation during the initial period. The analysis 
of numerous such creep curves has shown that they 
can all be described using only two parameters, 
t, and a, whose significance appears from fig. 13: 
tp is a measure of the length of the incubation pe- 
riod, and a is the ultimate constant value of the 
creep rate. In the incubation period the creep curve 
can be represented fairly accurately by a third- 
degree function of time: the deformation z increases 


with time according to 


Shi 


(7) 


122) P, Penning and G. de Wind, Physica 25, 765, 1959. 
13) H. G. van Bueren, Physica 25, 775, 1959. 
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Beyond t = t, the curve becomes a straight line: 


(8) 
The factor k is not an independent parameter: for 
a given a and t, it is determined by the condition 
that the curves must join without any discontinuity. 

The curve yielded by formulae (7) and (8) can 
readily be understood if we represent the creep 
mechanism as follows. 


z= a(t —ty). 


A dislocation source somewhere in the crystal 
emits dislocation loops under the action of a stress 
o, roughly as described in reference *) (fig. 14). 
We assume that these loops expand at a constant 
velocity v, which is the dislocation velocity that we 
wish to determine in the material. There will thus 
always be the same time ty between the emission 
of two successive loops, and the loops therefore 
follow one another at equal spatial intervals 
6 = vty. The distance 6 is determined by the elastic 
interaction between a loop just emitted and the 
source; it may be estimated at about | micron. 


The dislocation, of radius r, causes back stress at the position 
of the source amounting roughly to 0.1 Gb/r, where b is the 
Burgers vector of the dislocation and G the shear modulus of 
the material. The back stress becomes smaller than the applied 
stress o as soon as the loop has expanded to 


re 0.1Ghigs «sa Ble ee) 


o 


oO 4820 


Fig. 14. Model representing the creep process in germanium. 
A cylindrical crystal is subjected to a stress o causing the source 
B on the slip plane g to send out dislocation loops separated 
by intervals 6. The radius r of each loop increases proportio- 
nally with time. The dislocation density rises until the radius 
of the first ring is equal to d, and the dislocations begin to 
leave the slip plane at the other side of the crystal. A stationary 
state then sets in. 
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This value of r thus roughly corresponds to the distance 6 
between the old loop and the new loop being emitted at that 
moment. 

The total length of the dislocation loops emitted 
by a source at the moment t after the application of 
a stress o is now simply the sum of an arithmetical 


progression: 


A = 2mt + 27v(t—to) Tie 


] 


2 
4. Qav(t—2to) 4 Tee (10) 


to 
All these dislocations move at a velocity v, and there- 
fore contribute the amount Avb to the deformation 
rate z (see reference °)). If there are N sources per 


cm?, then 
z= NAvb, (11) 
and after integration: 
aNbv? . aNbv® . 
ee (12) 
at, 30 


This is the observed cubic dependence in the initial 
period. However, this dependence cannot continue 
indefinitely, since the dislocation density stops 
increasing as soon as the first dislocation loop 
reaches the opposite wall of the material. That 


occurs after a time 


ts = dlv, (13) 


where d is the distance involved, i.e. roughly the 
diameter of the specimen. At the end of this time a 
stationary state sets in and a constant dislocation 
length is reached, approximately equal to: 


Ne Nee (14) 
tp ) 
The creep rate is then constant: 
: ad? 
a) pee A Nbv, (15) 


in agreement with the experiment. The fit be- 
tween the curve (12) and the straight line of slope 
(15) is obtained by putting the “extrapolated” time 
tp, defined in fig. 12, equal to 


2 2d 
= ts aa (16) 

An essential feature of the creep mechanism in 
almost perfect germanium crystals, as here de- 
scribed, is the fact that the initial curve is not expo- 
nential. If it were, we should have to assume the 
“multiplication” of dislocations in that stage, that 
is to say the dislocations formed would themselves 
act as the source of fresh dislocations. 
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It is interesting to note how it was ascertained convincingly 
that the curves found are not exponential but are to be repre- 
sented by third degree functions. From formulae (7), (8) and 
(16) the value 6.75 is found for the dimensionless ratio Aty [Zp 
where zp is the deformation at the moment f. (This ratio, 
incidentally, is not dependent on stress nor on the temperature; 
see below.) This value is in good agreement with the experi- 
mental values (principally derived from the well-established 
linear part of the curves) which lie between 5 and 7. (Assum- 
ing an nth degree function, the value generally obtained is 
n(3)"-1.) On the other hand, if the function were an expo- 
nential one, the ratio would have to be e ~ 2.7. 


A further experimental fact of importance is 
that the parameters a and t, of the observed creep 
curves are found to depend strongly on the tem- 
perature T and the stress o at which the experi- 
ment is done ( fig. 15). This dependence, at least over 
most of the region of stress variation, can be ex- 
pressed by the relations: 


(17) 


This formula is analogous to those used to describe 
the temperature-dependence of, for example, dif- 
fusion and chemical reactions. The factor of the form 
exp(—q/kT) occurring in all these cases is bound 
up with the fact that every elementary process 
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Fig. os Stationary creep rate as a function of bending stress 
o in germanium crystals. The curve represents the average of 
about 100 experiments. The right portion, which covers by 


far the largest part of the region of stress variation, obeys the 
relation (17). 
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involved in these phenomena requires an activation 
energy q, which must be supplied by thermal agi- 
tation. In each case, where the elementary process 
consists in the repeated displacement of a dislo- 
cation over one atomic distance, the required acti- 
vation energy is seen from formula (17) to be 
q=Q—wo. It is thus a function of the stress o, and 
the higher the stress the less thermal energy has to 
be supplied. The factor w, which has the dimension 
of a volume, is called the activation volume; Q may 
be termed the “stress-free” activation energy. 

Using formulae (15) and (16) to express the dis- 
location quantities N and v in terms of the obse r- 
vational data a and ty» we find: 


(18) 


Combining these expressions with (17) we find 
that the source density N is independent of tem- 
perature and stress, whereas the dislocation velo- 
city v depends exponentially on both. This is in 
agreement with the results of the microscopic 
measurements on Lif crystals (fig. 12). The results 
are also quantitatively comparable. 


General conclusions 


The good agreement referred to gives reason to 
believe that the rules derived indicate a general 
property of almost perfect crystals, namely that the 
speed at which the dislocations move in those cry- 
stals varies exponentially with stress and tempe- 
rature — although of course the stress-free activa- 
tion energy Q and the activation volume @ will 
differ considerably from one substance to another. 
In metals, both Q and w will be small, since the plas- 
ticity of metals is very high and experiments have 
shown that it is not strongly dependent on tem- 
perature and stress. In spite of this fact, metals too 
as a rule will satisfy (17), which mainly expresses 
that the movement of dislocations through a crystal 
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calls for a stress-dependent activation energy. This 
has been confirmed by very exact experiments car- 
ried out at low temperature. 

A second and much more general conclusion, 
which is not confined to the material investigated, 
relates to sources of dislocations. From a closer 
analysis of the distribution of the sources it may be 
concluded that all sources in these materials con- 
taining few dislocations are situated at the surface. 
This throws an interesting light on the important 
role, mentioned on page 368, played by the surface 
of a crystal in plastic deformation. The fact that 
this is not generally so noticeable in metals as in 
other types of material is due to the dislocation 
density. The dislocations in metal crystals are nor- 
mally so dense that the interaction and intersection 
of the numerous dislocation lines (networks) gives 
rise to large numbers of internal sources, so large 
as to overshadow the effect of the surface sources. 
In very thin metal crystals, however, the surface is 
of considerable importance. In any attempt to 
produce a dislocation-free (and hence strong) metal 
crystal, and to keep it free from dislocations, the 
most scrupulous attention must be paid to the state 
of the surface. In the preparation of dislocation- 
free germanium and silicon crystals °) this fact was 
already known and taken into account. 


Summary. In this article, devoted to differences in the be- 
haviour of lattice imperfections in various materials, the author 
discusses the manner in which these imperfections are formed 
and their influence on the electrical and mechanical properties 
of the substance concerned. Emphasis is placed on the elec- 
trostatic effects that may accompany the formation of lattice 
imperfections. It is shown that, as a result of these effects, 
dislocations in non-metals generally possess a charge and are 
surrounded by a space-charge region to compensate for that 
charge. The influence of these charges on the mobility and con- 
centration of charge-carriers is discussed, and differences in 
the effect of plastic deformation on the electrical conductivity 
of various types of crystals is explained. The plastic properties 
of nearly perfect polar and covalent crystals are then examined. 
It is shown, with reference to experiments, that the movement 
of dislocations in both types of material follows virtually the 
same laws, and it is concluded that similar laws must also in 
principle apply to metals. Finally, something is said of the 
distribution of dislocation sources and the significance of the 
surface in this respect. 
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2821: J. Hornstra and L. J. van der Pauw: Meas- 
urement of the resistivity constants of aniso- 
tropic conductors by means of plane-parallel 


dises of arbitrary shape (J. Electronics and 
Control 7, 169-171, 1959, No. 2). 


It has previously been shown that the resistivity @ 
of a plane-parallel sample of arbitrary shape pro- 
vided with four contacts along the circumference, 
can be derived from the values of two quantities 
having the dimensions of resistance which are 
easily measured (see Philips tech. Rev. 20, 220, 
1958/59). The theorem is now extended to the case 
of anisotropic material with resistivities 0,, 02, Q3 
in the directions X, Y and Z. Three samples then 
have to be taken perpendicular to X, Y and Z, 
giving values of 0203, J/030, and 1/0,0o, respectively, 
from which 0,, 0, and o, can be found. 


2822: G.Thirup: Studies on networks with period- 
ically variable elements (thesis, Copenhagen, 


June 1959). 


This thesis deals with perturbations of non- 
linear networks that are excited by a_ periodic 
voltage or current. For the perturbation voltages 
and currents, the network is considered as a linear 
network with periodically varying elements. In 
particular the technique of measuring variable 
networks is treated. It is shown how problems 
relating to oscillators and to the measuring tech- 
nique of constant linear networks can be solved by 
the methods described. The known theory of varia- 
ble networks is briefly reviewed and generalized, 
and the relation between variable networks and 
mixing and modulation is discussed (Chapter 2). 
The stability problem of variable networks is con- 
sidered and the concept of return difference of 
feedback amplifiers is extended to include general 
linear networks. In certain cases it is possible to 
measure the system determinant itself, which then 
can be used for experimental stability investiga- 
tions. Stability properties of an autonomous system 
are derived from the variational equation of the 
system (Chapter 3). In Chapter 4, modulation and 
synchronization of oscillators are investigated, mak- 
ing use of the technique of analysing variable net- 
works. Special attention is paid to pure amplitude 
modulation, pure frequency modulation and the 


stability of synchronized oscillators. The properties 
of the coupling network enter the variational equa- 
tion as three parameters, which are derived from 
the network elements for a number of coupling 
networks. Chapter 5 deals with the basic principles 
of the measuring technique of variable networks, 
and the practical construction of measuring equip- 
ment is described in Chapter 6. A device for measur- 
ing complex conversion properties of semiconductor 
diodes is given in detail. In Chapter 7 it is shown 
how some problems of the technique of measuring 
constant networks can be analysed by means of the 
technique of variable networks; some new methods 
of measurements are proposed. Results of stability 
measurements on autonomous and synchronized 
oscillators are given in Chapter 8. Chapter 9 deals 
with semiconductor diodes; an equivalent circuit is 
considered and results of some measurements of 
complex admittances are given. 


2823*: M. Avinor: Photoconductivity of activated 
cadmium sulphide single crystals (thesis, 


Amsterdam, October 1959). 


This thesis deals with the influence of activators 
such as Cu and Ag on the photoconduction, light 


absorption and luminescence of single crystals of — 


CdS. A new method of preparation by zonal subli- 
mation is described. It is shown that Cu and Ag 
each produce two distinct energy levels, depending 
on the ratio of the activator and coactivator con- 
centrations. A third level was found with trivalent 
coactivators. The spectral location of photoconduc- 
tivity bands and emission bands is indicated. Ni is 
shown to produce not only “killing” effects but also 
traps having a depth of 0.23 eV. At room tempera- 
ture Ni prolongs the decay time of the photocon- 
ductivity. The models of Rose, Klasens and Lambe 
and Klick are examined in the light of the experi- 
mental evidence. The two-level Klasens model is 
found to give the best insight into the various 
electronic processes, though only as a first-order 
approximation. The model of Lambe and Klick is in 
disagreement with some of the experimental facts. 


2823a: J. H. Spaa: A continuously operated instru- 


ment for the stepwise measurement of the 
radioactivity of gas sols with a special 


| 


H 


1960/61, No. 11 


background compensation (Progr. nucl. 
Energy, Series 12 — Health Physics — 1, 
219-227, 1959). 


Many dangerous radioactive isotopes will gener- 
ally be present in the atmosphere as dust particles. 
The tolerable concentrations are so low that dust 
filtered from several cubic metres of air has to be 
accumulated to provide reasonable measurements. 
These measurements are hampered by the presence 
of the daughter products of the natural radioactive 
gases radon and thoron, which adhere to the dust 
particles, and which are always present in noticeable 
concentrations. Although these daughter products 
disintegrate fairly rapidly, they make it difficult to 
detect contamination during the acenmulation 
period. In the instrument described here an a-ray 
detector is mounted immediately above the filter 
paper, and a # counter underneath it, and the 
measured currents of the corresponding count-rate 
meters can be so adjusted that they compensate 
each other when only radon and thoron daughter 
products are present. A calculation, taking the 
lifetime of these products into account, shows that 
this is practically feasible, and it has been confirmed 
by experiments. If a reading is nevertheless obtained, 
this must be attributable to contamination. The 
instrument also contains a second set of counters, 
which serves for accurate monitoring some time 
after the accumulation period, after the back- 
ground radioactivity due to radon and thoron has 
been sufficiently reduced. 
2823b: G. Brouwer: The simulation of electron 
kinetics in semiconductors (Proc. 2nd int. 
analogue computation meetings, Strasbourg, 
Sept. 1958, pp. 135-137, published by Presses 


Académiques Européennes, Brussels 1959). 


The analysis of the distribution of electrons and 
holes in semiconductors under excitation by light 
pulses leads to a set of rather complicated non- 
linear differential equations containing numerous 
unknown parameters. As the latter have to be 
determined by a trial-and-error method, it was 
found that an analogue computer was most suitable 
for the problem. 

The special-purpose simulator built contains 8 
multipliers, 4 integrators and a signal generator. 
It is of the repetitive type and the cycle is started 
‘with the zero setting of the integrators, followed by 
the insertion of the initial values. DC restorers are 
employed whenever the absolute value of the signal 
is of importance, as it is in the case of multiplication. 
A simple master clock synchronizes the various 
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phases of the computation cycle. The time constants 
of the integrators are adjustable and are usually 
set on different time scales in one and the same 
problem. With the simulator it is possible to study 
the dynamics of photoconductivity, fluorescence 
and thermal stimulation in semiconductors and the 
dynamics of the spin system in a maser. 


2823c: H. Bremmer: The surface-wave concept in 
connection with propagation trajectories 
associated with the Sommerfeld problem 
(IRE Trans. on Antennas and Propagation 
AP-7, spec. suppl., $175-S 182, 1959). 


The author considers the field generated by a 
short vertical electric dipole placed above a homo- 
geneously dielectric, flat earth, when the aerial 
current is an ideal pulse (Dirac 6 function). With 
the aid of two-dimensional operational calculus, 
the field is expressed by integrals over the earth’s 
surface. These integrals may be interpreted as 
composed of contributions due to rectilinear rays 
leaving the transmitter; such rays strike the earth’s 
surface, spread out over it like surface waves, and, 
after leaving this surface, arrive at the receiver 
along another straight trajectory (which may be 
above or inside the earth). The velocity of propaga- 
tion c/n, of the surface waves is related to the 
refractive indices n, and n, of the space above the 
earth and that inside it according to 1/n,.2 = 


1/n.2 + 1/ng?. 


2823d: J. Bloem, C. Haas and P. Penning: Proper- 
ties of oxygen in germanium (Phys. Chem. 


Solids 12, 22-27, 1959, No. 1). 


The behaviour of oxygen in silicon has been 
extensively studied, but in spite of much experi- 
mental evidence a satisfactory picture is still 
lacking. The authors have therefore investigated 
the behaviour of oxygen in germanium, in the hope 
of throwing more light on this problem. The oxygen 
was introduced by zone-levelling germanium crys- 
tals in an oxygen atmosphere. The oxygen concen- 
tration in the crystal, as deduced from infrared 
absorption at 856 cm, is proportional to the 
oxygen pressure when the latter is lower than 20 mm 
Hg. At higher pressures the oxygen concentration 
is constant at 7x10!” atoms/cm’. 

On heat treatment at 400 °C, donors are intro- 
duced into the oxygen-containing crystal, which 
disappear again if the crystal is heated to a higher 
temperature (700 °C). The number of donors 
depends strongly on the oxygen concentration. A 
tentative description of the results is given in 
terms of the equilibrium between isolated oxygen 
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atoms and donor complexes consisting of four 
oxygen The the 
conduction electrons with temperature (determined 
from Hall-effect measurements) indicates the pres- 
ence of several donor levels. Some of the germanium 


atoms. increase in number of 


crystals levelled under oxygen showed two addi- 
tional absorption bands at 1100 and 1260 cm. 


2823e: J. Goorissen and A. M. J. G. van Run: 
Gas-phase doping of silicon (Proc. Instn. 
Electr. Engrs. 106 B, suppl. No. 17, 858- 
860, 1959). 


This article describes a method of making single 
crystals of silicon which contain a known, small, 
homogeneously distributed quantity of another 
element, e.g. phosphorus. The doping technique 
employed consists in creating a constant flux of 
phosphorus atoms from the gas phase via the liquid 
into the solid by decomposing phosphine in the 
vicinity of the floating liquid zone. The experimen- 
tal results obtained are readily reproducible. Under 
certain conditions, nearly all the added phosphorus 


is taken up. 


2823f: P. Massini: Uptake and translocation of 
3-amino- and 3-hydroxy-1,2,4-triazole in 
plants (Proc. 2nd United Nations int. Conf. 
on the peaceful uses of atomic energy, 


Geneva, Sept. 1958, Vol. 27, pp. 58-62). 


Part of a programme of fundamental research 
into the relation between the chemical structure of 
substances and the nature of their uptake and 
translocation in plants. In this article the author 
compares the behaviour of two substances which 
are closely related chemically, namely 3-amino- 
1,2,4-triazole The 
substances are followed in the plant by labelling 


and 3-hydroxy-1,2,4-triazole. 


them with radioactive carbon atoms. 


2823¢: J. Abels, M. G. Woldring, H. O. Nieweg, 
J. G. Faber and J. A. de Vries: Ethylene- 
diamine tetra-acetate and the intestinal 
absorption of vitamin B,, (Nature 183, 


1395-1396, 1959, No. 4672). 


Short communication concerning the intestinal 
absorption of radioactive vitamin B,, in rats, and 
the effect thereon of ethylenediamine tetra-acetate. 


VOLUME 22 


The experiments are connected with the study of 


pernicious anaemia in humans. 


2823h: M. J. Koopmans: An in vitro evaluation of 
the toxicity of chemicals for erysiphaceae 
(Meded. Landbouwhogesch. Opzoekings- 
stat. Gent 24, 821-827, 1959, No. 3/4). 


Description of a method of evaluating the toxic 
effect of chemicals on the conidia (spores) of pow- 
dery mildews (Erysiphaceae) in vitro, but without 
making a spore-germination test. In the latter test 
a comparison is made at the end of the incubation 
period (here 20 hours at 20 °C) between the percent- 
age of germinated conidia that have been exposed 
to the substance whose toxicity is to be assayed 
and those that have not. Since the percentage of 
germinated conidia, even under favourable condi- 
tions, is small (and almost zero in the case of 
powdery mildew from apple), the spore-germination 
test is not entirely effective. The method described 
here is based on the loss of turgidity rather than 
on the inhibition of germination, and consists in 
determining the percentage of healthy, turgid 
conidia at the end of the test. This percentage is 
much higher than the percentage of germinated 
spores, and the test can also be applied to powdery 
mildew from apple. An investigation into the toxic 
effect of karathane showed that there is a linear 
relationship between the dose of karathane and 
the response of the test organism. The method will 
be important in the first instance to fundamental 
research on problems of fungal physiology. 


2824: J. Volger: Dielectric properties of solids in 
relation to imperfections (Progress in Semi- 


cond. 4, 205-236, 1960). 


Review article on the dielectric properties (per- 
mittivity, conductivity, loss angle, as functions of 
frequency) of insulators containing certain imper- 
fections, and of semiconductors. A list of 110 
references is given. After a theoretical introduction 
and a consideration of models for dielectric relaxa- 
tion, the author discusses losses due to ionic move- 
ments, losses due to trapped electrons in colour 
centres, donor centres in semiconductors, the effects 
of irradiation and of electric fields, oxidic semicon- 
ductors and microwave effects. 


